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GENETICS 


Cells 
and their 
Structure 


N 1667 Robert Hooke used a 

primitive type of microscope to 
examine some thin pieces of cork. He 
saw that the cork was made up of tiny 
units which he called ‘cells’. All 
plant tissues are made up in this way, 
each cell having a thin but definite 
boundary wall of cellulose. Animal 
tissues lack cellulose walls and the 
units are less obvious. The term ‘cell’ 
is applied to them however for it is 
clear that the contents of each unit 
are far more important than the 
boundary. It is within the cell that 
the vital processes of life are carried 
out. 

The basis of all living ceHs is 
protoplasm. It is important to realise 
that this is not a single substance; 
it is a very complicated mixture of 
organic and inorganic substances in 
which chemical changes are contin- 
uously taking place. The chemical 
composition of protoplasm therefore 
varies not only between species and 
between cells performing different 


functions but also in individual cells 
at different times. The main com- 
ponent is water in which there are 
suspended or dissolved numerous pro- 
teins, lipids (fatty substances) and in- 
organic salts. The electron microscope 
shows that there is an elaborate 
structure — of fibres and channels — 
within the protoplasm. 

Every cell is bounded by a cell- 
membrane. This is not an external 
structure but a living part of the cell. 
The membrane can be seen with the 
aid of the electron microscope and 
much other evidence points to its 
importance. Cells placed in liquid 
surroundings do not mix with the 
liquid unless they are pierced with a 
very fine needle. This suggests some 
sort of envelope for the protoplasm. 
Research indicates that the surface 
layer of the protoplasm consists of a 
network of protein and lipid material 
which prevents loss of the cell contents 
and also allows some flexibility. The 
thickness of this cell membrane layer 


A diagram of half a cell showing the nucleus (1), mitochondria (2), Golgi apparatus (3) 


and endoplasmic reticulum. 


The cellular structure of plants is well 


Shown by this cross-section of a stem. 


arate 


A typical plant cell. 


is less than one thousandth of a 
millimetre. 

The shape of cells is controlled by 
external factors as a rule. The cellulose 
cell-walls of plants give their cells 
regular shapes. In animals the shape 
may be decided by the pressure of the 
other cells or by function. Many 
protozoans have shells or other stiff 
coverings which maintain a fixed 
shape, while others, such as Amoeba, 
continually change their shape. The 
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protozoans have ofter. been called 
unicellular (1.e. single-celled) animals 
and compared directly with cells of 
other animals. However this is not a 
fair comparison because in higher 
animals no cell performs all the 
functions which a protozoan does. It 
may be better to call protozoans 
acellular because their bodies are not 
divided into cells. 


Some typical animal cells. 


(1) A single nerve fibre (2) Muscle fibres 
(3) Red Blood Corpuscles (4) White Blood 
Corpuscles (5) Epithelial (lining) cells 
from the windpipe. 


Cell Contents 


Apart from the protoplasm almost 
all living cells have one structure in 
common — the nucleus. This structure 
controls the activity of the whole cell 
and as a rule there is only one nucleus 
in each cell. It consists of protoplasm 
(nucleoplasm) which contains certain 
substances (nucleoproteins). These 
regulate the manufacture of the pro- 
teins of the rest of the cell protoplasm 
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(cytoplasm). Surrounding the nucleus 
is a membrane similar to that around 
the whole cell. There is a darker 
region within the nucleus called the 
nucleolus. 

A great many structures have been 
described in cells. In most cases the 
the cells are killed before examination 
and it is very possible that structures 
in the dead cells bear little resem- 
blance to those of the living organism. 
Those structures which do exist, vary 
from cell to cell and may be absent 
altogether according to the function 
of the cell. It must be remembered 
that not all the inclusions shown in 
the illustration may appear in a 
single cell. 

The majority of cells are penetrated 
by a system of canals, the endoplasmic 
reticulum. This probably serves to 
transport materials from the surface 
to the inner parts of the cytoplasm. 

With special staining techniques 
the Golgi apparatus can be demon- 
strated. This is a collection of protein 
and fatty material which forms coiled 
tubular bodies usually in the region 
of the nucleus. The Golgi apparatus 
is found in almost all animal cells and 
although its function is not known it 
must play some important part in the 
metabolism of the cell. 

The centrosome is a clear region of 
protoplasm near to the nucleus (often 
among the Golgi bodies). In the 
centre of the centrosome is a darker 
spot — the centriole— whose function 
seems to be connected with the 
process of cell division (7.e. reproduc- 
tion). 

Scattered throughout the cytoplasm 
(but occasionally in concentrated 
patches) there are numerous tiny rod- 
shaped particles called mitochondria 
(mite- o- con- dria). These have been 
examined in living and dead material 
and are composed of protein lipid just 
like many of the other cell components. 


They are certainly concerned with the 
metabolism of the cell especially the 
respiratory mechanisms and are most 
numerous when and where chemical 
activity in the cell is at its peak. 

Plastids are common inclusions in 
plant cells but are rarely found in 
animal tissue. They are modified 
regions of cytoplasm which contain 
pigments and other materials used in 
the production of food material. Those 
containing chlorophyll are called 
chloroplasts. 


¢ 


oF 


Some protozoans showing typical structures. 


AMOEBA 


EUGLENA 


This is a reproduction of an electron microscope photograph of a section of a nerve. The 
technique shows clearly the large Schwann cell and its nucleus. The layered arrangement 
of the myelin sheath formed by the Schwann cell membrane around the nerve fibre is clearly 


shown. n.f. = nerve fibre, n.m. = nuclear membrane of Schwann cell, m.s. = myelin 
sheath. 


The above-mentioned structures all 
play some part in the chemical 
metabolism of the cell but there are a 
number of the cell inclusions which 
are not directly concerned with cyto- 
plasmic activity. In many epithelial 
cells (e.g. those lining the intestine) 
and gland cells there are numerous 
secretory granules which release chemical 
substances (hormones, enzymes, etc). 
The origin of the granules is still not 
understood. Food is stored in cells as 
oil droplets or as grains of starch or 
other carbohydrate material. These 
food reserves are released and used 
when required. Vacuoles are fluid- 
filled spaces within cells. They are 


most common in plant cells where 
they may be very large. Animal-cell 
vacuoles are normally small. The 
cell-sap contained may be a food and 
water reserve or a collecting point for 
excretory material. Other inclusions 
in the cell include pigment granules 
and yolk grains (in egg cells). 


The Chromosomes 


The nucleus has been mentioned as 
being the controlling body of the cell. 
It controls not only the working of 
the cell but also its formation and 
structure. The nucleoplasm contains 
a certain amount of denser material 


which at certain periods (associated 
with the reproduction of the cell) 
become clearly visible as coiled 
threads. These are the chromosomes. 
With certain important exceptions 
every cell nucleus in the human body 
has 46 chromosomes. Each one can 
be matched with one other and there 
are in fact 23 pairs of chromosomes. 
All mouse cells contain twenty pairs 
while pea-plant cells contain seven 
pairs. Morgan and later workers 
experimenting with the fruit fly Dro- 
sophila found that it has very large 
chromosomes in its salivary glands. 
They discovered that these large 
chromosomes have definite patterns of 
light and dark areas which are now 
known to represent genes. These are 
the basic units of heredity. Each gene 
or group of genes is known to control 
a particular feature of the body — hair 
colour for instance. Each gene is 
thought to consist of a very compli- 
cated compound of nucleic acids such 
as desoxyribonucleic acid (DNA). 
Tiny changes in the composition or 
arrangement of the molecules are 
responsible for differences in the effect 
of the gene. It is because of the 
extremely complicated structure of the 
genes that the enormous amount of 
information can be stored by them. 

This is of necessity a very simple 
account of the chromosomes and genes 
but more detailed information will 
appear as cell division and the laws 
governing inheritance are discussed 
later in this magazine. 


The structure of chromosomes within a 
nucleus. Only four pairs are shown. Each 
bead represents a gene of which there may 
be thousands on each chromosome. Each 
chromosome can be paired with another 
similar one. 
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|DYNAmics] 


GIMBAL 


A SIMPLE 
GYROSCOPE 


HARARE NOELE 


PEECT 


A modern gyrocompass which 
incorporates a mercury tube to 
ensure that it will indicate true 
North. Corrections are applied 
Sor changes in speed and latitude. 


GYROSCOPES 


NY cyclist knows that it is far 

easier to keep balance on a 
bicycle which is travelling fast than 
on one which is moving slowly. A 
spinning top will remain upright 
provided that its speed of rotation is 
high, but as it slows down it will 
topple over. In both these examples 
objects which are unstable (7.e. fall 
over easily) when they are stationary, 
can be made to remain erect provided 
that they are moving with sufficient 
speed. 

This property of a wheel to continue 
to rotate in one plane in space once it 
has been set in motion is utilized in 
the gyrocompass, and in various other 
navigational aids both at sea and in 
the air. This behaviour is displayed 
particularly by wheels which have 
much of their weight near the rim. 
All such heavy wheels are called 
gyroscopes. 

A gyroscopic wheel continues to 
spin in the same plane provided that 
no forces are applied in an attempt to 
change its direction of rotation. In a 
gyrocompass the wheel is mounted in 
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such a way that any change in the 
position of its supports will not be 
transmitted to the wheel itself. Circu- 
lar pivoted frameworks called gimbals 
are used for this purpose. 

However, the wheel acts in a strange 
way if a turning force is applied to it. 
This effect may be demonstrated with 
a bicycle wheel which has been taken 
out of the frame. The two ends of the 
spindle are supported in the hands 
and the wheel is set spinning in the 
vertical plane (i.e. the spindle is 
horizontal). Any attempt to turn the 
spindle in the horizontal plane is 
resisted but may eventually result in 
it being turned in a vertical plane at 
right angles to the vertical plane in 


If it goes uncorrected, the gvrocompass 
develops an Easterly variation in the 
Northern Hemisphere. Once it is spinning 
in a plane, the wheel remains parallel to 
that plane. 


which the wheel was spinning origin- 
ally. This effect, which is known as 
precession, is felt by the hands. If the 
wheel is rotating fast it is quite 
difficult to maintain a grip on the 
spindle. 

At one time the ability of a freely 
pivoted heavy wheel to continue to 
rotate in one plane in space was 
regarded only as a novelty and 
incorporated in various ‘scientific’ 
toys. But later the possibility of using 
a gyroscope as a direction indicator 
was realized. A gyrocompass is un- 
affected by magnetic fields (once it 
has been set, its axis stays pointing to 
true North, not magnetic North). This 
is its great advantage over magnetic 
compasses in ships at sea. With mag- 
netic compasses corrections have to be 
applied for the local magnetic fields 
set up in the steel of the ship. 

The behaviour of the wheel of a 
gyrocompass can best be demonstrated 
by subjecting a gyroscope to various 
turning forces such as may be exper- 
ienced in a ship at sea. As will be seen 
from the illustrations, the wheel of 
the gyroscope is freely pivoted inside 
one gimbal which is itself mounted in 
a second gimbal. By this means the 
gyroscope is free to rotate in any plane 
in space. In order that the wheel may 
continue to spin for as long as possible 


As a result of trying to turn its spindle in 
a horizontal plane, the wheel precesses until 
it is spinning in the horizontal plane. 


WHEEL LIES IN 


SPINDLE POINTS 
EAST-WEST ORTH-SOUTH LINE 


SPINDLE NOW 
POINTS NORTH- 
SOUTH 


ak 
— 


¥ 
AFTER TIPPING TABLE 
ABOUT NORTH-SOUTH LINE 


By tilting the table about the North- 
South line, the gyroscope wheel pre- 
cesses until its spindle points North. 


the bearings in which the spindles 
rotate have to be carefully designed 
to reduce friction as far as possible. 

If such a gyroscope is placed on a 
table and is set spinning so that the 
axis of the wheel lies in an East-West 
direction (i.e. the wheel lies in the 
North-South plane), any attempt to 
tip the table about the North-South 
line will be resisted. The faster the 
wheel is rotating and the greater its 
mass the more difficult it will be to tip 
the table. However, if the table zs 
tipped, the gyroscope will precess 
about its vertical axis until the spindle 
is parallel with the North-South line 
about which the table has been tipped. 
Thus the spindle of the gyroscope 
eventually precesses until it is parallel 
with the line about which the gyro- 
scope was turned. Slight vibrations 
and movements received by the base of 
the gyroscope are not transferred to 
the wheel. 

Even if a gyroscope is set up on an 
apparently firm table and set spinning 
with the spindle in an East-West line, 
the gyroscope will very slowly precess 
until the spindle lies in the North- 
South line. It may take several hours 
for the change to come about, so that 
to follow the movement it may be 
necessary to observe a mark on one of 
the gimbals through a miscroscope. 
This movement is caused as a result 
of the rotation of the Earth about its 
axis (the line through true North and 
true South) and is the basis of the 
gyrocompass. 


As frictional forces cannot be 
eliminated, it is necessary to supply 
energy to keep the wheel rotating, 
otherwise in time the wheel will stop. 
This energy can be supplied by means 
of an air jet impinging upon the edge 
of the rotor, or by making: the 
‘wheel’ the rotor of an electric motor. 

In order that a gyroscope can be 
utilized as a direction finder various 
refinements are necessary. In parti- 
cular it is found that once the 
gyroscope has been set rotating with 
its spindle pointing North, it tends in 
the Northern Hemisphere to move 
East. This is because the spindle tends 
to remain parallel to the original line 
about which the wheel was spinning, 
whereas the so called parallels of 
longitude converge on the poles. As 
one end of the spindle tends to move 
East, it also tends to tilt upwards. To 
counteract this tendency the gyro- 
compass is fitted with cups of mercury 
at either end of its spindle. A narrow 
tube connects the cups so that when 
one end (East) of the spindle tilts 
upwards mercury flows from one cup 
to the other. The unbalancing effect 
of the flow of mercury causes the 
gyrocompass to precess until its spindle 
is again pointing North. 

The principle of the gyroscope has 
been applied to the construction of 
various navigational aids and is par- 
ticularly valuable in maintaining the 
course of torpedoes. By rifling (making 
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SCALE 
MARKED IN 
DEGREES 


SPINDLE 


It is much 
easier to keep 
balance on a 
B* bicycle which 
'~ is going fast 
than one 
which is 
travelling 
ore slowly. 


spiral grooves in) the barrels of guns 
and rifles the projectiles are given a 
spin which reduces deviation from the 
intended path. In large ocean-going 
liners the stabilizing mechanism is 
controlled by a small gyroscope which 
detects the rolling motion. 


Gyroscopic Aircraft Direction Indicator 


As shown in the diagram this instrument is a 
Red modified gyroscope, and it is intended 
that the spindle of the heavy wheel shall 
remain horizontal. Since there is the minimum 
of friction at the gimbal mountings, once the 
gyroscope is rotating it will continue to spin 
in the same plane in space irrespective of the 
movement of the base. 

Any change in the direction of motion of 
the aircraft will be indicated by a movement 
of the outermost (vertical) gimbal to which 
the scale (divided into degrees of arc) is ° 
attached. This scale moves relative to the 
pointer which is attached to the base of the 
instrument. As the aircraft changes direction, 
the base and pointer move with it while the 
scale and heavy wheel remain fixed in space. 
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| ELECTRICAL CALCULATIONS | 


The current is the quantity of 
water which flows under the 
bridge in one second. An 
electric current is the quantity 
of electrons which flow in 
one second. 


The movement of water is 
caused by a difference in 


DIRECTION 
OF 


electrons is caused by a 
difference in potential be- 
tween the ends of a wire. 
Potential difference is called 
voltage. 


LARGE VOLUME 


SMALL VOLUME 
OF OF WATER FLOW. 


WATER FLOWS 
IN ONE SECOND 


The greater the height difference the greater the flow of water. 
Similarly the greater the potential difference (voltage), the 
greater is the electric current. Doubling the height difference 
doubles the flow of water - doubling the potential difference 
(voltage) doubles the electric current. This is Ohm’s Law. 


LARGE VOLUME 4 >=: 
FLOWS IN : 
ONE SECOND 


The ‘narrowness’ of the river also controls the quantity of water 
which flows under the bridge in one second. If the river is very 
narrow, the current is small. Similarly the resistance of a wire 
controls the flow of electrons. If the resistance is very high, the 
electric current is small. If the resistance is low (equivalent to a 
wide river) the current is high. 
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height between the ends of 
the river. A movement of 


OHM’S LAW 


ROVIDING the physical conditions, such as the 

temperature, do not alter, the current (7.e. the rate 
of movement of electrons) flowing through a wire is directly 
proportional to the potential difference (i.e. the electrical 
pressure difference which makes the electrons move) 
between the ends of the wire. 

This statement is known as OHM’S LAW. As an 
example of Ohm’s Law suppose that a current of 4 amps 
is flowing through an electric fire connected to the 
240 volt mains supply. What would the current be if 
the mains voltage fell to 120 volts? Ohm’s Law tells us 
that since the potential difference (voltage) has been 
halved, the current will be reduced in the same pro- 
portion, 7.e. halved. The new current is therefore 2 amps. 
If the voltage had dropped to 80 volts (i.e. 1/3 of its 
original value) the current would drop proportionately 
to 4/3 amps (i.e. 1/3 of its original value). In each case 
voltage 
current 


a 60, x0 = 60, pale 60. Thus Ohm’s Law 


2 4/3 
can be stated in the form of an equation :— 


is the same: 


voltage 

current 
If the voltage, or potential difference, is measured in 
volts and the current is measured in amps then the 
constant, instead of being just a number, is by definition a 
measure of the resistance of the wire, i.e. a measure of 
the wire’s opposition to the flow of current through it. 
Resistance is measured in units called ohms. 


= a constant. 


Current varies directly with voltage. 


VOLTAGE = 240 VOLTS 
CURRENT = 4 AMPS 


VOLTAGE + CURRENT 
=60 OHMS 


RESISTANCE 
IN OHMS 


An easy method of remembering the Ohm’s 
Law equations :—cover up the quantity to 
be found and the two remaining symbols 
give the required formula. 


Hence resistance (in ohms) = 
volts 
current amps" 
Resistances measured in ohms are 
usually denoted by the symbol R, 
potential difference in volts is usually 
denoted by the symbol V and current 
in amps is usually denoted by the 
symbol I. Using these symbols Ohm’s 
Law can be written as a kind of 


‘shorthand’ equation: R = a 
Rearranging the equation gives 
vy =IxRorl =>. 


The resistance of the electric fire 
mentioned opposite is obviously 60 
V __ 240 volts 
I 4 amps — 
(Actually the resistance would be 
less when the fire was cold since the 
resistance of most metals increases 


ohms since R = 


VOLTAGE = 120 VOLTS 
CURRENT = 2 AMPS 


VOLTAGE = CURRENT 
=60 OHMS 


with temperature. This is why Ohm’s 
Law is true only if the physical con- 
ditions do not alter.) A resistance of 
60 ohms presents a moderately high 
opposition to the passage of an electric 
current: if the fire had a low resis- 
tance of say 2 ohms, it would present 
a much easier path and much larger 
currents would flow through it. What 
current would flow through a fire 
having a resistance of 2 ohms if it 
were connected to the 240 volt mains 
supply? Because current, symbol I, 
is to be found the equation to use is 
the one which has I on the left-hand 


V 
I= — V == 240 volts, K = 2 


side. R 


ohms, hence I = “< = 120 amps. 
This is an enormous current and 
would ‘blow’ the fuses as soon as the 
fire was switched on. The greatest 
current that a household fuse will 
carry is usually 15 amps. What would 
be the resistance of an electric fire 
which just drew this amount of 
current from the 240 volt mains? 
Here resistance, symbol R, is to be 
found, so the best equation to use is 
the one which has R on the left-hand 


Vv 
K = = V = a4g0 Vols, f= 1 


I 
amps, hence R = *” = 16 ohms. 


side. 


As well as making it possible to 


VOLTAGE = 80 VOLTS 
CURRENT = 4/3 AMPS 


VOLTAGE + CURRENT 
=60 OHMS 


THIS AMMETER 
HAS A RESISTANCE 
OF 2002 


20 VOLTS 


The total resistance (R) of the circuit is 
200 ohms and the current (I) flowing is 
zo amp. Hence voltage (V) between ter- 
minals of meter is 

V=Ix R= - amp x 200 ohms = 20 volts. 
The symbol for ohms is Q. 


measure resistance (from the equation 
R= =) Ohm’s Law provides an 
easy method of measuring voltage. A 
simple voltmeter (see page 627) is 
really a current-measuring instru- 
ment, or ammeter. It shows the 
current (I) amps which the voltage 
(V) being examined sends through a 
known resistance (R) ohms. The size 
of the voltage can be found from the 
equation V=IXR. (This calcu- 
lation does not have to be performed 
in practice because the calibrations 
of the voltmeter have already taken 
it into account). Supposing a meter, 
whose total resistance is 200 ohms, 
registers a current of *; amp, what is 
the voltage driving the current 
through the meter? In other words, 
what is the potential difference be- 
tween the terminals of the meter? 
From the equation V =I X R (this 
is the best equation to use here since 
it is the one where V appears on the 
left) the voltage in question is plainly 
7g amps X 200 ohms = 20 volts. 
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PHY SIOLOGY 


HEARING AND BALANCE 


HE ear is not merely an organ of 

hearing: associated with the struct- - 
ures concerned with that function are MEMBRANOUS. 
parts which control the body’s sense of 


BONY 
LABYRINTH 
SUPERIOR 


VERTICAL 
CANAL 


balance. The receptors for hearing are POSTERIOR 
stimulated by sound waves which CANAL AMPULLA 


ie) 

cause disturbances of fluid in one part aca 
of the ear, and those for balance by 
gravity or movement (which moves 
fluid in another part). It is not so_ 
surprising therefore that the organs 
of balance and hearing should be 
connected. 

Other receptors play an important 
part in the body’s sense of balance. 
These are principally skin receptors in 
the soles of the feet and special nerve 
endings (proprioreceptors) in the muscles 
of tk and neck, and the eyes. 
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The Path of Sound Waves 


Sound waves are collected by the 
pinna (see illustration for the structure 
of the ear) and pass down the ear 
passage to the ear drum or tympanic 
membrane. This taut structure separates 
the outer ear from the middle ear, an 
air-filled cavity containing the chain 
of ear bones. These are the hammer 
(malleus), anvil (incus) and stirrup 
(stapes). The malleus is attached to 
the ear drum, which is made to 
vibrate by the sound waves. The 
movement of the ear drum is conveyed 
across the middle ear, by the chain of 
ear bones, to the oval window-a 
membrane stretched across a hole in the 
bone surrounding the middle ear. 
Beyond the oval window (to which the 


stapes is attached) is the inner ear. This 
consists of a series of spaces (bony 
labyrinth) within the bones surrounding 
the inner ear. Inside the bony labyrinth 
is the membranous labyrinth, a closed 


system of communicating sacs and 
canals. The membranous labyrinth is 
filled with a fluid called endolymph. It is 
surrounded by the perilymph which 
fills the bony labyrinth. It consists of 
two sacs, the utricle and saccule. 
Leading off from the saccule is the part 
of the inner ear concerned with hearing, 
the cochlear canal (or duct). This is a 
long, horn-like, coiled tube enclosed 
within the perilymph of the cochlea. In 
communication with the utricle are 
three semi-circular canals. These to- 
gether with the utricle and saccule are 
concerned with the sense of balance. 
The cochlear duct lies at one side of 


The chambers and canals of the 
inner ear are filled with fluid. Pressure 
changes in the fluid of the coiled 
cochlea due to movements of the 
oval window — affect the tiny sensitive 
hairs of hair cells on the basilar mem- 
brane. The hair cells are linked with 
nerve fibres and when the hairs move 
impulses pass along the fibres of the 
auditory nerve to the brain. This 
translates the signals as sound. In the 
semi-circular canals there are special- 
ised patches of tissue containing hair 
cells. Movements of the head cause the 
fluid in the semi-circular canals to 
move and the hair cells are stimulated. 
Signals pass from them along fibres to 
the central nervous system which is 
informed of changes in the position of 
the head. 

If a vibrating tuning fork is placed 
on a piano frame, to which the strings 
are attached, one string vibrates in 
sympathy. According to Helmholtz’s 
theory the movements of the fluid 


the cochlea and attached to a separating 
wall, the spiral lamina. This divides the 
cochlea into two, the vestibular canal 
and the tympanic canal which com- 
municate with each other through a tiny 
opening within the tip of the cochlea. 

The oval window is set in motion by 
the to-and-fro movements of the stapes. 
Its movements disturb the perilymph at 
the bottom of the vestibular canal. At 
the base of the tympanic canal is another 
membrane, the round window. The 
pressure changes in the fluid within the 
vestibular canal are transmitted down 
the tympanic canal. Each time the oval 
window bulges inwards (i.e. is pushed by 
the stapes) the round window bulges 
outwards. This is probably a safety 
device which provides pressure relief. 
The pressure changes in the cochlea 
affect tiny sensitive hairs on the 
basilar membrane - part of the spiral 
lamina. The hair cells are linked with 
nerve fibres. Movement of the hairs 
results in impulses being sent along the 
nerve fibres in the auditory nerve to the 
brain. This translates the signals it 
receives as sound. The ear does not hear 
— it merely receives sound waves which 
are transmitted as signals to the brain. 

The basilar membrane is a band of 
tissue running almost the length of the 
cochlea-about one and a quarter 
inches. Arranged across it are a number 
of fibres, the lengths of which increase 
as the bore of the cochlear duct gets 
smaller. On top of these fibres is the 
spiral organ or organ of Corti. This 
contains the hair cells, the hairs of 
which project into a gluey flap —the 
tectorial membrane- which lies above 
them. 


produced by a particular sound wave 
cause a small part of the basilar 
membrane to vibrate. Only the hair 
cells of this region are stimulated 
therefore. The arrangement of the 
fibres in the basilar membrane pro- 
vides some support for his theory. 

Work by Galambos and Davies has 
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shown that different parts of the 
basilar membrane respond to different 
frequencies. For instance, when a 
narrow band of hair cells is anaesthe- 
tised, deafness is produced only over 
a narrow range of sound. But whereas 
Helmholtz suggested that each point 
on the basilar membrane is sensitive 
to a particular sound frequency, 
Tasaki has shown that the first coil of 
the cochlear tube contains receptors 
that are sensitive to sounds of high 
frequency (e.g. 8,000 cycles/second), 
the second coil to medium frequencies 
(e.g. 1,000 cycles/second) and the 
third coil to low frequencies (e.g. 
500 cycles/second). 

One point that is difficult to explain 
is how nerve fibres can conduct at the 
rate of 20,000 signals per second 
(most nerves conduct at below 
500/second and the maximum is 
1000/second). The range of hearing in 
man is for sounds of about 20 cycles/ 
second up to 20,000 cycles/second. 
Obviously a nerve can cope with the 
lower frequencies. 

The middle ear is in communica- 
tion with the back of the throat by a 
narrow tube — the eustachian tube. This 
is normally closed by a small muscle 
but when we swallow or cough the 
tube opens to admit air to the middle 
ear from the throat. This mechanism 
ensures that equal pressures are main- 
tained on each side of the ear drum. 

The ear is protected from very 
loud sounds by the action of two 
muscles, one attached to the tympanic 
membrane and the other to the stapes. 
When these muscles shorten the 
tympanic membrane and the oval 
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window (to which the stirrup is 
attached) become more taut so that 
the extent of their to-and-fro move- 
ment is reduced. 

Balance 

The parts of the labyrinth (other 
than the cochlea) are concerned with 
the sense of balance. Three responses 
are involved — static responses, dynamic 
responses and the maintenance of tonus 
(this is the resting tension in muscles; 
at rest muscles are not limp, they 
have tonus). 

Static responses are concerned with 
maintaining the centre of gravity of 
the body on movement (e.g. if a frog 
is held in the hand and tilted to one 
side, its head moves in order that the 
eyes keep the same horizon). Dynamic 
responses are concerned with the 
body’s movement when it accelerates 
rapidly in a straight line (as when 
going up in a lift) or in a curve (as 
when spinning round and round). 

Operating with the inner ear ap- 
paratus are the eyes, skin receptors in 
the soles of the feet, and the proprio- 
receptors in the toe muscles. 

The three semi-circular canals are 
arranged at right angles to each other. 
They open into an oblong sac, the 
utricle. At one end of each canal is a 
swelling or ampulla within which is a 
ridge of sensory cells together with 
supporting cells, the crista. The sensory 
cells have hairs that project into a 
jelly-like mass, the cupula. Nerve fibres 
of the auditory nerve are intertwined 
round the bases of the hair cells. 
When the head rotates the fluid 
moving in the canals pushes against 
the cupula and the hair cells are thus 


stimulated. Signals pass via the lower 
parts of the brain to the eye, back and 
limb muscles which act to make 
amends for the head movements. 
The utricle and saccule are in 
communication with each other by 
way of a narrow tube. Branching off 
this is a long blind duct, the ductus 
endolymphaticus. Parts of the lining 
tissue (epithelium) of the utricle and 
saccule contain a patch of hair cells 
and supporting cells (macula) like 
those of the canal cristae. The hairs of 
the former are embedded in a jelly- 
like mass though this is flattened. The 
jelly contains numerous small bodies 
consisting of calcium carbonate 
crystals mixed with protein. These 
are called otoliths or otoconia. They 
weigh the jelly down so that it is in 
firm contact with the hair cells. The 
maculae are upright but at right 
angles to each other so that each 
position of the head affects the hair 
cells in different ways. Signals from 
the sense cells of the maculae are 
continuous and supply the parts of the 
brain that control the motor nerves 
with information so that these can 
maintain the state of muscle tone. 
The sense cells of the cristae, on the 
other hand, are stimulated by move- 
ment of, or pressure changes in, the 
fluid round the cupulae. They are 
concerned with dynamic responses. 
When one is standing, information 
reaches the brain from a variety of 
receptors, ears, eyes — and so on. Pres- 
sure receptors in the skin of the feet 
are important suppliers of informa- 
tion. As the weight of the body is 
shifted from one foot to another or to 


Movements of the head (red arrows) cause the fluid to move (black arrows) in the semi- 
circular canals. Each cupula swings like a door that has been pushed-stimulating the 
hair cells. Sensory areas are shown black; the canals are viewed from in front. 
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cupula moves to and fro like a hinged flap of wood when it is pushed by the 
znals pass continuously along the nerve fibres from the maculae because the 
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The link-up between the | 
main structures concerned 
with maintaining the body’s 
balance. 


PROPRIORECEPTORS aos th 
different parts of either foot, different 
receptors ‘fire off’ and signals pass 
along nerve fibres to the central 
nervous system. As the limbs are 
moved, the tensions in the muscles 
change. This stimulates the proprio- 
receptors — specialised nerve endings of 
sensory nerves wound round muscle 
fibres or tendons. They are receptive 
to changes in the tension or the length 
of muscle fibres. Signals from them 
pass into the central nervous system 
and (by way of motor nerve fibres) 
out to muscle fibres along reflex path- 
ways. In this way compensating move- 
ments are made automatically so that 
normally we retain our balance. When 
a muscle is pulled, for example, the 
proprioreceptors are stimulated. Sig- 
nals pass from them to the central 
nervous system. Return signals cause 
the muscle to contract. 

Proprioreceptors in the muscles of 
the head and the neck are also 
important in providing the central 
nervous system with information on 
the posture of the body, the relative 
positions of its parts and their place in 
space. The actions of the head and 
neck muscles, in moving the head, 
alter the position of the eyes and ears. 
Thus the image falling on the eyes is 
changed — and the ear balance 
receptors are stimulated. 

The balance of the body is main- 
tained therefore by means of a com- 
plicated signalling system much of 
which is automatic. But the brain is 
informed of changes concerning the 
rest of the body and so is able to 
decide what the limbs or any other 
part will do. 


APPLIED SCIENCE 


THE FIRE-FIGHTERS 


IKE so many of the tasks per- 

formed by the Local Authorities, 
the work of the fire brigade tends to 
go unnoticed and forgotten until it is 
actually needed. Yet no one who has 
seen firemen in action can help but 
admire their skill, their training, and 
not least their sheer physical courage. 
The aim of this article, however, is 
not so much to dwell on the dramatic, 
often heroic, side of the fireman’s work 
as to describe the kind of techniques 
which he employs to extinguish 
burning buildings and to prevent the 
outbreak and spread of fire. 
Fire Detection and Alarm 

For a fire to be extinguished with- 
out undue damage, it must, of course, 
be detected and dealt with at an early 
stage and a delay of even minutes may 
be dangerous. A great deal of pre- 
paratory work is necessary to ensure 
this is possible. The principal risks 
occur in factories and warehouses, 
and the owners are encouraged, in 
some cases even obliged by law, to 
install fire detection equipment. 
Some systems incorporate thermostats, 
devices which switch on a bell when 
temperatures within a building rise 
too quickly or too high. A simple type 
of thermostat uses the unequal expan- 
sion of two strips of different metals 
under a rise in temperature. Apart 
from the installation of such devices, 
which operate and give information 
as to the presence of fire, there is 
often a warning system which can be 
sounded by hand (a siren or bell), so 
that any worker who notices fire can 
give the alarm. Sometimes there may 
be a direct line from a factory to the 
local Fire Station, so that professional 
firemen can quickly be alerted. 

The Fire Brigade needs to know in 
advance roughly what risks it is 
likely to face in a particular building, 
what appliances are available, what 
kind of material is likely to catch fire, 
and so on. This information may 
affect the kind and the amount of 
equipment which they need to take 
to the fire. Apart from this the very 
situation and conditions of the factory 


must be assessed beforehand, and 
buildings or areas are classified in 
this respect. For example, a high risk 
area is one (perhaps in a dock area or 
a city centre) where there is a serious 
possibility of a major fire. Rules 
therefore demand that when the 
Brigade is called to such an area, as 
many pumps as may be required 
reach the area in the shortest possible 
time. Next in order of risk is the 
Class A area. The first and second 
pumps should reach the fire within 
5 minutes of a call being received 
from a Class A area; the third pump 
should arrive within 8 minutes. At 
the other end of the scale a building 
in a Class D area (where fire risks are 
not nearly so great) would require an 
attendance of only one pump, arri- 
ving within twenty minutes. All this 
information, and a great deal more, 
should be made available for use by 
the fire-fighters. 
Kinds of Fires 

The type of fire affects to a great 
extent the methods by which it should 
be extinguished. The authorities clas- 
sify fires into three broad groups: 
class A fires, involving ordinary com- 
bustible materials, class B fires, which 
are concerned with oil or grease, and 
class C fires, which involve live elec- 
trical equipment. Methods suitable 
for fighting one kind of fire may not 
be used for others. Water, for example, 
may be employed with class A fires, 


Large scale fire being tackled. Firemen are 
using compressed air breathing apparatus. 


but certainly not initially for class C, 
since it is a conductor of electricity 
and the chances of electric shock 
would be too great. Class B fires, 
those involving oil and grease, are 
generally treated with foam or some 
other blanketing substance. Water 
(unless atomized) is less suitable here 
because of the danger of the burning 
oils spluttering and spreading over a 
wider area. Certain chemicals (e.g. 
potassium, sodium) react strongly 
with water, and water would not be 
a suitable medium for extinguishing 
such fires. 
Putting out Fires 

Fire is the result of a chemical 
reaction involving oxygen and a fuel. 
Heat is liberated, and is also neces- 
sary for starting the reaction and 
continuing it. There are, therefore, 
three possible methods of extin- 
guishing a fire—removing the fuel, 
removing the oxygen, and cooling. 
The last is by far the most important. 
Water poured onto a fire absorbs 
tremendous quantities of heat as it is 
turned to steam. If the heat can be 
absorbed at a faster rate than it is 
generated, then the temperatures will 
fall and the fire will soon be extin- 
guished. As a rough guide about six 
times as much (latent) heat is needed 
to turn boiling water into steam as to 
raise it from ice point to boiling point. 
The other two methods mentioned, 
removing the fuel and removing or 


Portable fire extinguishers. (Left) uses 
carbon tetrachloride to blanket small fires. 
(Centre) soda-acid type for household fires. 
(Right) Dry Powder type for oil and 
electrical plant fires. 
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Foam being directed onto the surrounding 
walls not onto the burning liquid. The 
extinguisher is inverted to start it. 


reducing the supply of oxygen, have 
rather more specialized uses. Often 
it may be possible to remove part of 
the contents of a burning store or 
warehouse. In an extreme case it 
may be necessary to knock down 
parts of surrounding buildings in 
order to provide a ‘firebreak’, an area 
across which flames from a burning 
building cannot pass. Oxygen is vital 


to burning, and air contains about | 


21%, by volume, of oxygen. Even 
reducing ‘this percentage to about 
15% will extinguish the majority of 
fires. This may be achieved by 
covering the burning material with 
a blanket of foam bubbles or by the 
use of sand or various non- 
combustible gases. Once the oxygen 
in the air under the ‘blanket’ has 
been used up in burning, no more 
can get through to replace it. Typical 
chemicals used in extinguishers are 
carbon dioxide, carbon tetrachloride, 
and chlorobromomethane. A dry 
powder, specially manufactured for 


Automatic fire sprinkler. 


Non-inflammable carbon tetrachloride being 
used to blanket a small petrol fire. Placing 
the finger over the nozzle spreads out the jet. 


the purpose, is widely used in modern 
extinguishers. In any case it is impor- 
tant to prevent as far as possible the 
passage of air currents over a fire. 
Open doors and windows, large unin- 
terrupted spaces within buildings — 
these increase the chance of such air 
currents, and though there may be 
little the firemen can do about them 
at the time, previous planning may 
help to cut down the risks. 

Using Fire Appliances 

Fire appliances may be divided 
into two broad groups: those which 
are actually used to attack and 
extinguish the fire and those which 
help the fire-fighters to reach it and 
to carry out rescue and recovery 
operations. In the first group fall 
hydrants, hoses, sprays, pumps, 
chemical fire extinguishers of various 
kinds, and foam-making equipment. 
The second group includes ladders, 
fireproof clothing, searchlights, cut- 
ting tools, breathing apparatus, ropes, 
and so on. 

It is not, of course, possible to cover 
all this equipment in detail and only 
the first group can be described here. 

Water, as has previously been 
noted, is the most important single 
substance used in fire-fighting. It 
may be carried with the fire appli- 
ances or obtained from static tanks, 
rivers, or other sources, but the 
hydrant fitting on a water main is 
perhaps the most usual. Its position 
is often indicated by a small yellow 
plate with a letter H on it. Above the 
horizontal of the H is a figure indi- 
cating the diameter of the main in 
inches. Below it is another figure 
showing the distance in feet to the 


Carbon dioxide vapour being aimed through 
a horn onto the heart of the fire. 


hydrant. Sometimes hydrants are situ- 
ated inside buildings, too. External 
hydrants, however, are often more 
useful, since they are more likely to 
be accessible during a fire. In order 
to obtain the necessary pressure for 
the water jets it is usually necessary 
to employ pumps. A great deal of 
water pressure is lost through friction 
in the pipes and water pumps may be 
needed to increase it. The pumps 
used are nearly always of the centri- 
fugal type, and may be sited in a 
fixed position on the fire engine or 
carried additionally as a portable 
pump on the tenders. Where a fire 
is well established it is usually neces- 
sary to use a jet (z.¢. solid stream) of 
water, but there are certain cases 
where a spray is preferred. On some 
fires involving inflammable liquids, 
for instance, a fine spray which can 
penetrate the flames and reach the 
liquid surface is useful. An important 
point with water is that it will itself 
cause damage, and one of the first 
decisions a fireman must take on 
arriving at a fire is how much water 
to use. Too much water will cause 
unnecessary damage, too little may 
fail to extinguish the fire. 

Foam is often useful in certain 
chemical fires, and it can be ‘manu- 
factured’ on the spot by two methods. 
Mechanical foam needs water, a foaming 
agent (e.g. soap) and air. The foaming 
agent is added to the water and the 
mixture is then aerated. Equipment 
for producing this kind of foam can 
be attached to the end of the water 
hose. The other type of foam is 
chemically produced, and is the basis 
of the action of many portable extin- 


Smothering burning fat with an asbestos 
blanket. The blanket is held in this way to 
protect the fireman from the heat. 
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guishers. The foam is produced by 
a chemical reaction between an 
acid salt solution (e.g. aluminium 
sulphate) and an alkaline salt solu- 
tion (e.g. sodium bicarbonate) 
together with a ‘stabilizer’ such as 
saponine or liquorice. The ‘stabilizer’, 
although it is not involved in the 
reaction, helps to strengthen the 
bubbles. The purpose of both kinds 
of foam is to act as a floating ‘blanket’ 
over the burning material. 

Vehicles which carry the fire- 
fighting apparatus are of various 


A two-driver fire-truck in action at a big fire in an American city. The ladder is tilted by 
hydraulic power and the revolving platform permits it to be pointed in any direction. A 
water tower is being used to damp down the flame on upper floors while firemen below 
work towards the heart of the blaze. 


kinds. Self-propelled pumps (fire engines) 
have a pump, usually of the centri- 


wi Augal type, which can deliver 500 to 


i: 


g from a tank (in the vehicle) con- 
ytaining 50-100 gallons and feeding a 


,000 gallons per minute. There may 
also be a smaller pump, taking water 


small hose. This can be operated 
quickly, while the main hoses are 
being laid out. A variation on the fire 
engine is the pump escape, similar to 
that described except that it also 
carries an escape ladder which can 
be wheeled when off the vehicle. Such 
ladders are 40 to 50 feet in height 


when fully extended. Turntable ladders 
can be used as a ‘water tower’ 
(enabling water to be directed down 
onto the fire) or for rescue purposes, 
and may be raised under power to 
extensions of 100 feet, sometimes 
more. Water tenders are simply tanks 
of water mounted on vehicles, with a 
pump which may be either towed or 
sited on the vehicle itself. Other 
vehicles, rather more specialized, in- 
clude emergency tenders, foam ten- 
ders, hose layers and control and 
communications vans. 
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VELOCITY 


LIGHT travels at such a fantastic 
speed that it is impossible for the 
eye to detect its movement. In one 
second it travels approximately 
186,000 miles. It only takes 1-3 
seconds for light reflected from the 
moon to reach the Earth. 
Because of the enormous distance 
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from the Earth’s view at certain 
intervals of time. These eclipses 
occurred when Io was behind Jupiter 
which stopped the light from reaching 
the Earth. When the Earth was 
nearest to Jupiter he calculated the 
times when he expected the eclipses 
to happen, but found that when the 
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Réemer’s method for finding the velocity of light. When Jupiter is a long way from the 
Earth its satellite, lo, eclipses later than would be expected. This is because the light takes 


‘ more time to travel the extra distance. 
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travelled in the brief space of one 
second it is not surprising that the 
first attempts to find the speed of 
light failed. These were performed by 
Galileo who tried to find the time 
taken for light to travel from one 
person to another several miles away. 
Their errors in timing must have 
been far greater than the time they 
were attempting to measure. 

The first reasonably accurate value 
was calculated by the Danish astro- 
nomer Olaus Roemer in 1676. He 
noticed that Io, a moon orbiting 
round the planet Jupiter was blocked 
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“Michelson used a rotating -glass octagon to 
reflect-the-light. The speed of itf rotation 
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Earth was on the far side of the Sun 
the eclipses occurred some time later. 
He reasoned that the delay was due 
to the light’s taking longer to travel 
the extra distance. As he knew the 
distance involved he was able to 
calculate the velocity of light. 

It was not until almost 200 years 
later that R6emer’s result was verified 
by the Frenchmen, Fizeau and 
Foucault. Fizeau in 1849, and 
Foucault in 1862, succeeded in 
measuring the velocity of light using 
comparatively short light paths. 
Neither made use of astronomy. 

Fizeau’s method. Fizeau used a 
toothed wheel to help him measure 
the time taken for light to travel 12 


ee, 


é 


ewe TET nna ma me 


th, 
>» a 


IF STATION 


LIGHT 


miles. A converging lens gathered up 
the light rays from a powerful light 
source. A plate of glass was placed at 
an angle to these rays just before they 
would have been brought to a focus. 
Instead, the light rays were reflected 
and brought to a focus on one side of 
the glass plate. These rays were made 
parallel by a collimating lens placed 
so that the actual light focus coin- 
cided with the principal focus of the 
lens. The rays travelled in this parallel 
condition over a distance of about 6 
miles before meeting yet another 
converging lens which brought them 
to a focus at a concave mirror placed 
so that the rays were reflected back 
along the same path and brought to 
a focus again by the first lens just 
before the glass plate. They passed 
through the glass plate and the image 
they formed (at the focus of the first 
lens) was viewed by Fizeau using an 
eyepiece. Fizeau had a wheel very 
carefully cut so that it had 720 teeth 
spaced equally round its rim. The 
spaces between the teeth were 
exactly the same size as the teeth 
themselves. The rim of the wheel 
was placed so that a tooth could 
block off the outgoing and returning 
light at the light focus. It was then 
rotated, first slowly and then faster 
and faster until no light image could 
be seen through the eyepiece, only 
darkness. Outgoing light was passing 
through a gap between the teeth. 
This light travelled the 6 miles to the 
mirror and another 6 miles back, 
during which time the next tooth 
had moved into the space, blocking 
the image from the viewer. As he 
knew the distances involved and the 
speed at which the wheel was rotating, 


it was an easy step to calculate the 
velocity of light. 

_ Foucault’s Method. Foucault’s appa- 
ratus was much simpler than Fizeau’s 
and the light was timed over a much 
shorter distance. This had the advan- 
tage that the space could be filled 
with water or other transparent 
substances to find how fast light 
travelled through them. The space 
could also be evacuated to find the 
velocity of light in a vacuum. Light 
travels slightly more slowly in air 
than it does in a vacuum. It travels 
through water with only # of its 
velocity in air. It travels through glass 
with an even smaller velocity. The 
actual velocity depends on the type 
of glass used. 

Light from the source passes 
through a plate of glass and then 
through a converging lens which 
concentrates it onto the reflecting 
surface of a plane (flat) mirror. 
Another mirror, this time concave, is 
placed so that light reflected from the 
plane mirror is brought to focus on 
its surface and reflected back along 
the same path by which it came. But 
when the light reaches the plate of 
glass, although some of it passes 
through, some is also reflected by its 
surface in just the same way that a 
glass window can give a reflection. 
These reflected light rays converge 
forming an image of the light source. 
This image is viewed through an 
eyepiece. Now the plane mirror is set 
rotating as fast as it can be made to 
move. When the light it reflects falls 
back on it, the mirror is in a different 
position and consequently the image 
viewed through the eyepiece is 
slightly shifted. The light speed can 
be worked out from the speed of 
rotation, the extent of the shift and 
the distances between the mirrors. 

There are many modifications to 
this basic idea from which more 
accurate results have been found. 

The largest error in Foucault’s 
method lay in measuring the small 
shift made by the image. It would 
have been much better if he could 
have rotated the mirror so fast that it 
was back again in the same position 
to receive the returning light. This 
would give an image in the same posi- 
tion and only the speed of rotation 


and the distances between the two 
mirrors would be needed to calculate 
the velocity of light. Michelson over- 
came this problem by replacing the 
plane mirror by a glass octagon. 
Different facets of the octagon reflec- 
ted the light on both its outward and 
return journeys. Hence light could 
only reach the observer when the 
octagon was in one particular posi- 
tion. This would be the case if the 
octagon were stationary or if it were 
rotating at such a speed that one facet 
exactly replaced the next while the 
light was travelling over its measured 
path to a distant reflector and back 
again. The speed of rotation which 
fulfils this condition could be found 
accurately and used in calculating the 
velocity of light. 

Although light travels so very 
quickly, it still takes a considerable 
time for it to travel through the 
vastness of space. In fact some light 
arriving at the Earth may have come 
from stars or planets which have 
disappeared long ago, in which case 


it is possible to see something after it 
has completely disappeared. 

Distances across space are so very 
vast that to express them in terms of 
miles would be ridiculous. The num- 
ber of noughts would probably fill a 
page. Instead, large astronomical dis- 
tances can be measured in light years. 
A light year is the distance that light 
travels through empty space in 1 
year. If it travels approximately 
186,000 miles in every second, then 
in a year it will travel this distance in 
miles multiplied by the number of 
seconds in a year. A light year, then, 
is approximately 5,870,000,000,000 
miles. 

Nothing has been known to travel 
faster than light. Although scientists 
may try to make things move faster 
and faster, it is extremely unlikely 
that they will ever be able to make 
any material thing even approach the 
speed of light. The faster they go, the 
heavier they become. This gain in 
mass hinders them from travelling 
faster. 
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ECHANIGAL aids to calcula- 
tion, such asthe abacus or 
counting frame have been used for 
thousands ofyears. The first real 
calculating »machine (7.¢. one where 
the result or total could be read off 
directly) was devised by Blaise Pascal 
in 1642. Pascal originally designed it 
to help his father in his work of adding 
and subtracting money. Several mach- 
ines were built using the same prin- 
ciple. The one described here is 
dated 1652, and the original is to be 
found in the*Comservatoire des Arts et 
Meters in Paris. A copy can be seen 
in the-Science Museum, London. 
Pascal's machine embodies many 
of the principles still used in calcula- 


_ tors. It consists of a box containing 


six sets of pinwheels and cylinders 
(see illustration above). Each cylinder 
bears the figures o-g around its edge, 
and is so arranged that only one 
figure — equivalent to ;4 of the cir- 
cumference — can be seen through the 
sighthole at any given time. The 
pinwheels are connected to the six 
horizontal dials (rather like a tele- 
phone dial and marked from o-g) at 
the front, so that when the dial is 
turned, the corresponding pinwheel 
and the cylinder turn with it. 

To follow the method of using the 
calculator, suppose that the operator 
wishes to add together the numbers 2, 
5 and 3. With a stylus or peg he 
turns the right hand dial anticlock- 
wise from where the figure 2 is marked 
round to 0. The dial moves in the 
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Replica of an adding machine designed by Pascal in 1652. The top view (left) shows the 


six dials and the sight-holes where the total is displayed. The interior view from the base 
(right) shows the pinwheels which are turned by the dials. Whenever a pinwheel completes 
a revolution the trip-mechanisms (running from right to left across the centre of the machine) 


turn the next pinwheel through }, of a revolution. 


PASCAL and his 


Calculating Machine 


opposite direction to the dial on a 
telephone and it does not spring back 
to its starting position when the peg 
is removed. This action turns the 
pinwheel and hence the cylinder 4 of 
a revolution from 0 to 2. The operator 
now repeats the process, this time 
‘dialling’ 5. The pinwheel turns the 
cylinder a further ;% of a revolution, 
so that the total registered there is 7. 
Once again he dials a number, in 
this example number 3. The pinwheel 
moves through ;4 of a turn, as does 
the cylinder. Because the cylinder is 
marked in tenths, however, and ten 
units have been added (2 + 5 + 3), 
this brings it round to o again. A trip- 
mechanism within the calculator, 
however, ‘carries’ the figure 1 to the 
cylinder immediately to the left, 2.2. 
it turns the next wheel ;4 of a revolu- 
tion, from o to 1. There are six 
cylinders altogether, which represent 
(from right to left) single figures, tens, 
hundreds, thousands, ten thousands 
and hundreds of thousands respec- 
tively. The adding of the single 
figures 2, 5 and 3 gives o in the single 
figure cylinder and 1 on the tens 
cylinder, thus producing the answer 
total 10. With the six cylinders sums 
can be added up to a total of 999,999. 
In fact the model described has two 
sets of numbers on the ‘dials’ and the 
cylinders, the second set running in 
the reverse direction (i.e. from 9-0 
instead of o-g). The latter can be 
used for subtraction, and are covered 
up on the cylinders by a sliding strip 


of metal when not in use. 

Some of Pascal’s machines were 
designed for adding livres, sous and 
deniers (the contemporary French 
equivalent of our pounds, shillings and 
pence), and may be regarded as the 
forerunners of modern cash registers. 

Although his invention of the cal- 
culating machine is important, Pascal 
is not thought of primarily as an 
inventor. His work ranged over phy- 
sics, mathematics and philosophy. 
Born at Clermont-Ferrand in 1623, 
Pascal became interested in mathe- 
matics at an early age. He is reputed 
to have worked out for himself at the 
age of 12 many of the geometrical 
ideas of Euclid. He constructed his 
first calculating machine before he 
was 20. A few years later he was able 
to show, by experimenting with baro- 
meters, that the pressure of the 
atmosphere decreases with altitude. 

Pascal is remembered nowadays, 
some 300 years after his death, 
through Pascal’s Law of fluid pressure 
and Pascal’s Triangle. The law of 
fluid pressure which resulted from his 
work on hydrostatics underlies the 
action of hydraulic jacks, hydraulic 
presses and similar machines. Pascal’s 
Triangle is a well known pattern of 
numbers which is used in the studies 
of chance and probability. 

The extent of Pascal’s work is all 
the more striking in view of the fact 
that he suffered from poor health all 
his life and that he was only 39 when 
he died in 1662. 
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PHOTOGRAPHIC 


ENLARGEMENT 


THE film in a camera, when 

exposed and developed, produces 
a transparent negative photograph, 
where all the black parts of the image 
are transparent and the white parts 
black. This negative can be used to 
make a contact print of the same size by 
passing light through it directly on 
to light-sensitive paper. The light is 
stopped by the black parts and passes 
through the transparent parts on to 
the printing paper. The silver com- 
pound on the paper begins to split 
up, leaving a deposit of silver wher- 
ever the light falls. Developing the 
film speeds up this reaction, conver- 
ting the affected areas into blackened 
patches of silver. The unaffected 
silver compound is then dissolved 
away by a fixer so that the print can 
be exposed to the light without 
further reaction taking place. 

While contact printing is a very 
useful method of making ‘snaps’ and 
requires little in the way of expensive 
equipment, it can have disadvantages. 
First of all the final photograph is 
small — the same size as the exposure 
on the film (e.g. 24” 24”) Secondly, 


The developer solution is made 
up to the correct concentration 
and temperature according to 
the instructions on the bottle. 


because it is so small all the negative 
has normally to be used. Thirdly, it 
is rather difficult to improve on the 
picture on the negative, by darkening 
some areas, lightening others and so 
on. The contact print is a reasonably 
faithful reproduction of the whole 
picture on the negative. 

For these reasons all professional 


Baths of developer, stop bath, 
jixer and washer are made up 
and arranged in order. 


photographers and most keen ama- 
teurs who develop and process their 
own film use an enlarger. At its 
simplest it is rather like a slide 
projector mounted vertically on a 
stand. A light behind the negative is 
shone through it projecting an en- 
larged image on to the light-sensitive 
printing paper. By moving the en- 
larger up or down on its stand it is 
possible to produce an image on the 
printing paper of almost any required 
size. The whole picture can be 
enlarged, or what is more important, 
so can any part of it. A face can be 
picked out from a crowd for example, 
and enlarged so that it makes an 
individual photograph. 

How does a photographic enlarger 
work? The essential parts are a light 
unit and the stand. The stand serves 
as a slide on which the light unit can 
be moved up and down. The light 
unit includes the lamp house (in 
which there is a high powered lamp 
and a pair of condenser lenses), a 
frame for holding the negative in 
position between two sheets of glass, 
and a converging lens in an adjustable 


dull side down. 


A camel hair brush is used to 
Sree the negative of dust. It 
is then placed in the enlarger 
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masking guides 
arranged over the printing 
paper while the red filter 


covers the lens. as 


Photographic enlarger in operation. ri. 


sharp image is formed on the light-sensitive 
printing paper. 


are 


mount. Light from the lamp passes 
through the condensers which diffuse 
it, so that the whole of the negative is 
evenly illuminated. Without it the 
centre would be bright and the edges 
dull. (In less expensive models a 
similar effect is produced by diffusing 
the light with a ground glass screen.) 
The light is then directed through the 
negative pressed flat in its holder, 
passing through the transparent or 
white parts of it on to the converging 
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A photographic enlarger. Light passing 
through the condenser evenly illuminates 
the negative. The objective lens produces a 
real image on the printing paper underneath. 


Making ateststrip. Mostof the 
printing paper is covered with 
card. The enlarger 1s turned on 
for 5 seconds. This is repeated 
several times uncovering a 
little more paper each time. 


The test strip is processed for 
a few seconds in the developer, 
transferred to the stop bath 
and then put in the fixing 
bath. The best strip is chosen. 


UNDER 
EXPOSED 


Test strip for finding the correct exposure time. The strips have been given 


successively longer exposures 


objective lens at the bottom of the 
enlarger. This converging lens can 
be moved towards or away from the 
negative to focus the image produced 
on to the printing paper. It is 
generally fitted with an adjustable 
diaphragm so that the amount of 
light passing through the lens can be 
controlled. A coloured filter can be 
swung into position just below the 
lens to allow the operator to compose 
his picture on the paper without 
actually exposing and affecting it. 
(The filter only lets through red light 
and the paper is not sensitive to light 
of this colour.) 

First of all the negative is placed in 
position and the lamp switched on. 
The operator then chooses the part of 
the picture he wants to enlarge and 


and well washed. 


to what size. He does the latter by 
moving the unit up or down the stand 
and the former by altering the posi- 


Another sheet of paper is 
placed in the enlarger, and 
exposed for the chosen amount 
of time. It is then processed 
as before, fixed for 10 minutes 


tion of the printing paper on the 
SS board. At this stage the picture is 
x Mobably very blurred. It is made 
arp or ‘brought into focus’ by 
isting the lens position. Having 


chosen the particular arrangement 
that he requires, the next problem is 
how long to expose the printing paper 
to the image. Factors which affect 
this are the aperture of the lens, the 
type of paper, whether the negative 
is dark or light, and what kind of 
results the photographer needs for his 
final print. The best way to find this 
out is by trial and error, using a fest 
strip. This is simply a piece of printing 
paper on which the operator tries out 
gradually increasing times of expo- 
sure at intervals of, say, five seconds. 
He masks most of the strip with a 
piece of card, and then moves it 
along exposing more of the image 
every five seconds. When he develops 
the strip he can easily see which 
time of exposure has been the most 


The enlargement is dried 
using a blotter roll. The 
picture ts placed face down 
on to the linen side of the roll. 


effective. 

When the final print has been 
exposed it is developed, fixed and then 
trimmed. The white borders around 
a print result from the edges of the 
paper being unexposed where the 
masking frame or paper holder has 
covered them. 
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The Cyanide Process is used for the extraction of both gold and silver. (Above): Large tanks in which the cyanide solution reacts with 


silver ores. (Left) : Flow diagram for the whole process. 


SILVER and gold are, perhaps, the two most important 

of the noble metals, so called because they do not 
tarnish in air or water and are only attacked by strong 
acids. On account of this they were long used for coinage. 
Both of these metals have been known for several 
thousand years, and objects made from them have been 
found during excavations at the centres of early civiliza- 
tions, particularly in Egypt. 

In contrast with many metals which only occur in 
Nature as chemical compounds, both silver and gold are 
found as the elements themselves. It is for this reason 
that these metals were known to the ancients. Although 
silver and gold may be found in a fairly pure state, it is 
more frequent for the deposits to contain alloys of silver, 
gold and copper. The occurrence of copper, silver and 
gold together is not really surprising since they are 
chemically related and are all in the same chemical 
family in the Periodic Table. 

Silver 

Silver is obtained principally as a by-product when 
lead, zinc and copper ores are refined. However, it is also 
obtained from ores mined for their silver content, the 
commonest of which is argentite,a sulphide of silver. This 
and other silver ores are widely distributed over the 
American continent, but nowhere is silver to be found 
in large quantities. The principal world source is in 
Mexico which produces 35°% of the world output (about 
6,000 tons per year). 

Of the many processes which have been developed over 
the years, the cyanide process is normally used now in 
extracting silver from argentite. After the ore has been 
crushed, it is ground to a fine powder in’ a ball mill 


787 


NATIVE SILVER 


NATIVE GOL 


oe >o 
‘Ge EP) 


which also contains weak sodium cyanide solution. The 
silver sulphide and also any free silver present react with 
the sodium cyanide to yield sodium argentocyanide, 
Na[Ag(CN),], which is soluble in water. 

The suspension is agitated with compressed air for 
several days. This serves to oxidize the sodium sulphide 
formed by the reaction between silver sulphide and 
sodium cyanide. The solution of sodium argentocyanide 
is then filtered and the dissolved air removed by vacuum. 
The silver is finally displaced from solution by adding 
a suspension of finely powdered zinc dust. 

The precipitated silver is filtered off and dried. This 
product contains at least 75% silver, but will always 
contain impurities, particularly the excess of zinc dust. 
Further purification is, therefore, necessary. 

As about 75% of the world output of lead is obtained 
from ores which also contain silver, it follows that the 
recovery of silver is a profitable stage in refining lead. 
One way of doing this is by the Parkes Process. After 
removing other impurities, namely copper, antimony, 


In the Parkes Process for desilvering lead, zinc (in which silver 
ts much more soluble) 1s added to the molten lead-silver alloy. 
After thorough mixing, the zinc-silver layer floats to the top and 
1s skimmed off. 


As gold takes and retains a high polish 
(i.e. does not tarnish) it is valuable as a 
reflecting surface. Here gold-plated reflec- 
tors are used in an infra-red heating unit. 
These are much used in industry for baking 
and drying paints, enamels and varnishes. 
The object is passed slowly down the infra- 
red oven and rapid drying 1s obtained. 


arsenic and tin, from the molten 
lead-silver alloy, zinc is added to the 
bath. Silver is much more soluble in 
zinc than in lead, so that after mixing 
the contents of the bath most of the 
silver migrates to the layer of molten 
zinc which floats on top of the lead. 
‘When the temperature of the bath is 
allowed to fall, the zinc-silver alloy is 
skimmed off as it solidifies on the 
surface. The zinc can then be distilled 
off leaving behind the silver which has 
a higher melting point. 

Silver is a white metal which has 
good resistance to the action of most 
substances. It is unaffected by pure 
air or oxygen but is easily tarnished 
when there are traces of hydrogen 
sulphide in the air. A layer of black 
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solution. 


silver sulphide is formed on the 
metallic surface. The film which 
appears on silver egg spoons is caused 
by the action between organic sulphur 
compounds and the silver. Silver is 
attacked by the halogens (chlorine, 
bromine and iodine). It is unaffected 
by alkalis and only reacts with a few 
acids—hot concentrated sulphuric 
acid and dilute nitric acid. 

Silver is the best conductor of heat 
and electricity but copper is often 
used in its place because it is cheaper. 
However, silver is sometimes used in 
chemical plants. Its good resistance to 
corrosion and comparatively high 
melting point (960°C) commend it, 
in additron to its high conductivity. 

Thus reaction vessels and reboilers 
in distillation columns are sometimes 
lined with silver. The tubes of heat 
exchangers may also be made of 
silver. Silver is also used in various 
types of electrical apparatus. It is 
particularly valuable in _ contact 
breakers, as in control units for 
traffic lights. A number of alloys of 
silver are of industrial importance. 
Silver-copper-zinc and silver-phos- 
phorus-copper alloys are used in 
joining metal by brazing. But by far 
the greatest quantity of silver is used 
in making photographic materials. 


Gold 

Native gold occurs in quartz veins 
from which some of the fine particles 
have been washed out by rain water. 
Hence gold is also found mixed with 
sand in the beds of streams. There 
are deposits in Central and North 
America, in Australia, South Africa 
and Eastern Europe. 

The gold particles are separated 


© (Left) : A thin protective layer of silver has been deposited by electrolysis 
on this large ‘basket’ for a centrifuge. (Above): A large mill in which 
gold-bearing rock is ground to a powder before it is treated with cyanide 


from the alluvial sand or gravel or 
crushed quartz by washing in shallow 
troughs which are vibrated. The gold, 
which is much more dense than the 
sand, settles out and is retained in the 
bottom of the troughs, by battens. 
Before this sedimentation process was 
organized on a large scale, it used to 
be carried out in small pans in an 
operation known as panning. 

Gold may also be recovered from 
crushed quartz or from the residues 
left after the extraction of other 
metals by the cyanide process. This 
works in much the same way as for 
the extraction of silver from its ores. 
Gold reacts with potassium cyanide 
solution and soluble potassium auro- 
cyanide K[Au(CN),] is obtained. 
After aeration, the gold is precipitated 
by adding zinc. 

Gold is a bright yellow metal of 
high density (19-3 gm./cc.). It is a 
good conductor of heat and electricity 
and resists the action of almost all 
single acids. It does, however, react 
with a mixture of concentrated nitric 
acid and concentrated hydrochloric 
acid. Because this mixture of acids (in 
the ratio 1 : 4) is able to dissolve gold 
it is called aqua regia. Gold does not 
tarnish in air. The pure metal is 
rather soft — even for jewellery — and 
is generally used in alloys with other 
metals — silver, palladium and plati- 
num — to give it added strength with- 
out loss of corrosion resistance. 

In addition to its uses in jewellery 
and for ornaments, gold has a number 
of important uses in industry where 
a non-tarnishable surface is required. 
Gold (in sheet or electro-deposit 
form) is used for lining selected 
vessels in chemical plants. 
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Biological Control 


N the wild, plants tend to spread 

randomly over a wide area — their 
distribution is patchy. Modern 
methods of farming concentrate crops 
in well-defined areas and in time. The 
more intensive that farming becomes 
the greater are the ‘spoils’ for insects 
and other pests; the easier it is for 
them to find a source of food and, 
consequently, the better are the con- 
ditions for reproduction. 

Food is not only grown in a con- 
centrated way; the harvested crops 
and their products are stored in large 
quantities — granaries hold millions of 
bushels of wheat and warehouses are 
full of flour and other foodstuffs. 
Besides providing pests with a vast 
amount of readily available food man 
also encourages their spread by 
carrying them from their natural 
homes to other parts in road vehicles, 
ships (particularly those carrying 
edible cargoes), trains and other 
forms of transport. For example, pests 
such as the Fluted scale insect and 
the Greenhouse white fly have been 
transported to Britain in imported 
foodstuffs. 

The chemical control of pests has 
been discussed in Issue 41 in the 


Many insects parasitize others. This 


Sphinx moth caterpillar is covered with 
the cocoons of a parasitic wasp. 


article on Insecticides. Another of 
the methods used in the control of 
both animal and plant pests is termed 
biological control. This involves the use 
of a pest’s natural enemies to keep 
it under control. 

Perhaps the first really successful 
use of biological control was in the 


almost complete extermination of the 
Fluted scale insect, a bug which 
caused great damage to the orange 
trees in the Californian citrus groves. 
This pest first appeared there in 1868 
having been accidentally introduced 
from Australia on imported acacias. 
Its numbers quickly reached pest 
proportions. C. V. Riley made a 
careful study of the insect. He found 
that in its native land it was held in 
check by .its natural enemies. Its 
activities never reached pest propor- 
tions. Several of the insect’s enemies 
were sent to the United States of 
America and in a series of carefully 
controlled experiments the larvae of 
a species of ladybird successfully 
cleared a test tree of the pest. The 
predatory beetles rapidly increased in 
numbers spreading over the orange 
groves. Within a few years from the 
time of their introduction in 1889 
the pest was brought under control 
and the industry was saved from 
impending disaster. Today the Fluted 
scale insect is no longer a major 
pest in the U.S.A., but a stock of 
ladybirds is maintained so that any 
local outbreaks of the pest can quickly 
be controlled. To date such measures 
have always been successful. 

This particular example of the 
application of biological control is 
a near perfect one. Almost the first 
of the pest’s enemies to be experi- 
mented with proved successful as a 
means of control and there have been 
no side effects such as the beetles 


The Ladybird, Rodolia cardinalis, has success- 
fully controlled the Fluted scale insect, Icerya 
purchasi, a pest of orange trees in California. 
Adults and larvae are predators. 


themselves becoming pests. 

Before discussing further successful 
examples it is as well to consider the 
problems of the scientist in looking 
for the most suitable natural enemy 
of a particular pest. There are many 
examples of a control having been 
introduced without proper care. A 
plague of caterpillars in parts of New 
York was stripping the trees of their 
leaves. The introduction of sparrows 
from Europe removed the cater- 
pillars. But sparrows are also seed- 
eaters competing with others for food 
and very soon had themselves become 
pests driving many of the American 


There are records of devastating effects of plagues of locusts in very early writings. Control 
is largely by chemical means but a parasitic fungus gives a certain degree of natural control. 
Several locusts are shown dying from a fungal attack. 


birds from their natural homes. 

Will the control itself become a 
pest? The possibility of this happen- 
ing is very real and so the life history 
and the habits of the proposed control 
factor must be thoroughly worked out. 

In new surroundings an animal will 
often extend its activities. It may 
therefore come across food that it 
finds more desirable. Even in its 


The Japanese beetle (top left) has been 
partly controlled by a roundworm. Sugar 
cane weevils (top right) have been con- 
trolled in Hawai by a species of fly. 
Attempts are still being made in the 
United States to control the Gypsy moth. 


natural home its likings may change, 
particularly as farming spreads. The 
Colorado beetle is an excellent ex- 
ample of such a change in taste. At 
one time this beetle was harmless. 
Its natural food consisted of the 
burrs of some wild plants. With the 
spread of potato farming, however, 
it began to feed on the potato plants. 
In this case both the larvae and the 
adults found their new food palatable. 
By changing their diet and their home 
they also appear to have avoided the 
parasites that previously held them 
in check. So the Colorado beetle 
multiplied rapidly and has, of course, 
caused great loss to the potato in- 
dustry. No biological control has been 
found to combat the beetle. It is 
controlled largely by chemical means 
and also by the strict inspection of 
imported crops. 

The food tastes of an imported 
pest may change — either because its 
natural supply of food is in short 
supply or because it finds another 
more palatable food source. The 
change may take it out of reach of an 
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animal used asa control, for the latter 
may not spread with the pest. Its 
introduction will be useless therefore. 

Biological control measures have 
been applied to many insects. Many 
of these have a life history involving 
several stages of which the larva (or 
the adult) may be the control (usually 
the larva). More usually larva and 
adult consume different foods so that 
even though the control does its job 
the other stage may become a pest. 
This raises another problem too. 
During the larval and adult stages of 
its life history the control must not 
only have sufficient food, this must 
also be of the right kind and the 
differing needs of larva and adult 
met. Another factor of considerable 
importance in limiting the application 
of biological control is climate. If the 
control is introduced into a warmer 
country its life cycle may not be 
speeded up to the same extent as that 
of the host (the converse may also 
apply). Thus as soon as the life cycles 


of host and parasite are out of step 


the latter will be ineffective. This | 


can be partly overcome by finding a 
control that has an adaptable life 
cycle. 

The success of applying biological 
control to the citrus grove problem 
in California encouraged biologists 
to look for insects that might control 
pests in other places. Attempts in 
Fiji have met with outstanding suc- 
cess. The Levuana coconut moth 
appears to be controlled permanently 
and possibly may be eradicted. In 
Hawaii the sugar cane industry was 
badly affected by a weevil, the larvae 
of which bored into the cane. The 
introduction of a species of fly quickly 
suppressed the pest’s activities. The 
Fluted scale insect, Icerya purchasi, 
has also been controlled by the 
introduction of a ladybird beetle, 
Rodolia cardinalis. In the West Indies, 
too, the Giant toad has successfully 
combated sugar cane white grubs. 

It is significant that in these in- 
stances success was met with where 
small island groups were concerned. 
The biological control of pests has 
not been obtained over large areas or 
to any great extent in the colder 
parts of the world. 

The best example of the control of 
plant pests is the campaign against 
cacti such as prickly pear. These 
grow naturally in North and South 
America but were introduced into 


The spread of prickly pear cacti has been 
controlled in Australia by the moth, 
Cactoblactis cactorum, the caterpillars 
of which bore through the stems of the 
cacti weakening them. 
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) Australia as ornamental garden plants. 
By about 1925 these cacti had spread 
to such an extent that they covered 
over 90,000 square miles — equal to 
the area of Great Britain. 

A large number of insects that live 
on cacti were experimented with in 
an attempt to bring the cacti under 
contro]. Eventually a moth-borer, 
Cactoblactis cactorum, native to Argen- 
tina, was thought to be suitable. It 
was released in Australia and very 
quickly the larvae destroyed large 
numbers of the plants by boring into 
and weakening them. This not only 
stopped it spreading further but 
actually reduced the area infected. 

This example also illustrates how 
complicated are the relationships be- 
tween the animals and plants of a 
community and what great problems 
exist in choosing a suitable con- 
trolling agent. In South Africa the 
introduction of Cactoblactis to cure a 
similar problem was nothing like so 
successful. 

In considering the use of biological 
control account must be taken of the 
cost of such a venture. Ideally it must 
be no more expensive than chemical 
or other means of control (though 
two or more methods are often used 
together). To keep local and spas- 
modic outbreaks of a pest under 
control it has been found necessary to 
keep stocks of the controlling agent 
in readiness. The equipment and the 
staff needed for this is expensive — 
and the controls need food! In an 
attempt to overcome the latter prob- 
lem work is proceeding on the making 
of suitable artificial foods. 

A species of ladybird beetle, how- 


ever, has been reared successfully 
by feeding it and its larva on the 
Citrus mealy bug that the larva 
controls. The pest can be fed on 
potato sprouts — a cheap form of food. 

In Britain biological control has 
had limited success. The White fly, 
a common pest of Tomato plants in 
greenhouses, has been controlled to 
some extent by a minute chalcid - 
Encarsia formosa. 

Reports from Italy suggest that a 
tiny chalcid, Prospaltella berlesei, has 
brought the Mulberry scale, Diaspis 
pentagona, under control and thus has 


Several species of fishes have been used in 
the tropics (guppies are illustrated) to 
help control the spread of malaria. They 
consume the larvae and pupae of the 
malaria-parasite-carrying adult mosquitos. 


saved the silk industry in Italy. 

The United States of America 
undoubtedly suffers more from the 
ravages of pests, particularly insects, 
than any other country. Nearly a 
hundred species of insects imported 
into the U.S.A. as controls have 
become established. A number of 
these were imported from Europe to 
control various forests pests such as 
the Gypsy moth, and the European 
corn-borer and scale insects. 

Besides insects, and the toad men- 
tioned, bacteria, fungi, viruses, pro- 
tozoa and roundworms have been 
employed for biological controls. No 
great success has been obtained using 
bacteria but recent experiments are 
more hopeful. One example of the 
successful use of fungi comes from 
Canada. An apple sucker has been 
controlled by the fungus Entomophthora 
Sphaerosperma. Satisfactory results have 


also been obtained in some cases in 
Florida and various scale insects have 
been suppressed by spraying the 
spores of the Red-headed fungus and 
White-headed fungus on __insect- 
infested trees. 

Some success has been obtained in 
controlling the Japanese beetle with 


The Cucumber beetle is attacked by a 


Species of roundworm. Experiments in- 


dicate that the latter may effectively control 
the beetle. 


Many insects are natural parasites of 
others. The illustration shows the adult of 
a chalcid emerging from an aphid nymph. 


a roundworm. It has destroyed large 
numbers of the beetle grubs in some 
areas. 

It is very difficult to evaluate the 
success of biological control in specific 
examples. Even when a pest’s num- 
bers are controlled or reduced it is 
possible that other natural factors 
have had some effect. However, the 
evidence is such that it has proved 
its usefulness in a number of cases 
and it may play an important part in 
the control of pests in conjunction 
with other methods of control (e.g. 
pesticides). 


79% 


DYNAMICS 


HE design and construction of a 

modern civil airliner is a long 
and expensive undertaking as so 
many factors have to be considered 
in all stages from making the preli- 
minary drawings to completing the 
flight tests. Amongst the more impor- 
tant features which have to be studied 
are the shape of the craft, the strength 
of the frame, the location of the 
engines and fuel supplies and the 
accommodation and comfort of 
the passengers. In an_airliner’s 
construction these features are so 


makes adjustments to a 


An engineer 
model in a low-speed tunnel. In such a 
tunnel, with a maximum air speed of 
170 m.p.h., stability during take off and 
landing 1s tested. 


interdependent that many compro- 
mises have to be made between: the 
various design teams before the final 
design is evolved. 

Models of the proposed design are 
tested in wind tunnels which play a 
vital role in arriving at a satisfactory 
design. By carrying out tests on 
models in a wind tunnel a good 
picture of the behaviour of the air- 
liner in the air can be built up. Of 
even greater value are the tests 
carried out on parts of the aircraft — 
tailplane, wing section, etc. Further- 
more, all modifications in the external 
appearance of the airliner caused by 
changes in other design features can 
be tested quickly to find whether they 
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will have an adverse effect on its 
performance. In wind tunnels the 
model remains in a fixed position so 
that it may be kept under continuous 
observation and, rather more impor- 
tant, the effect of the motion of the 
air relative to the model can be 
measured. In addition, the behaviour 
of the model in various positions — 
when taking off and landing as well 
as in level flight — can be studied. 

It is over ninety years since the 
first wind tunnel was built to study 
the lift and drag forces experienced 
by a flat plate inclined at various 
angles to the horizontal. The first 
tunnels were straight tubes of uni- 
form square cross-section with a 
suction fan at one end, and it was 
with a tunnel of this type that the 
Wright Brothers tested possible 
designs for their first flying machine. 


Schlieren photograph showing 
the shock waves which appear 
as the air speed approaches 
Mach 1:0. 


Wind tunnels of this type require 
a large amount of power to create 
comparatively low wind speeds, but 
soon it was realized that a con- 
siderable saving in power could be 
achieved by re-circulation. In this 
way much of the kinetic energy in 
the air was saved, the only power 
requirement being that needed to 
replace frictional losses at the corners. 
Even this latter requirement can be 
reduced by means of carefully shaped 
cascades in the corners. These also 
assist in maintaining an even air 
flow across the width of the tunnel. 

The modern closed circuit wind 
tunnels are usually designed on a 
rectangular plan, with the working 
section in which the model is located 
part way along one of the long sides. 
The fan or other means of moving 
the air is situated in the other long 
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side. The velocity of the air through 
the working section can be increased 
above that in the main circuit by 
reducing the cross section area of the 
tunnel in a similar manner to that in 
a Venturi Meter (page 738). The 
working section is thus in the throat 
of the Venturi where the velocity is 
a maximum. In high-speed tunnels 
the air pressure is reduced in the 
throat and this is useful in that it will 
correspond with the lower pressure 
experienced in flight at a certain 
altitude. 

In order that the test results may 
be reliable, great care is taken in 
the design of the tunnel, particularly 
in the region of the working section, 
to ensure that the air flow is satis- 
factory. There should be as little pres- 
sure variation across the working 
section as possible, and the air velo- 
city in the working section must be 
accurately known. There will always 
be some boundary effects near the 
walls of the tunnel and it is found 
that the ideal size of the model is 
between one half and three-quarters 
of the width of the working section of 
the tunnel. Turbulence in the air 
stream caused by the rotation of the 
blades of the fan and by the right 
angle bends in the ducting are 
smoothed out by cascades, parallel 


A complete model in a transonic tunnel. The various forces and turning effects which 
the model experiences are transmitted to the recording equipment by the rear ‘sting’ support. 


WORKING 
SECTION 


with the sides of the tunnel and by a 
fine wire mesh screen. 

Because of the wide range of air- 
speeds of various types of modern 
aircraft — both civil and military — it 


is necessary that the models are 
tested over a similar wide range of 
speeds. The tests on models. should 
always be extended above the 
intended maximum speeds of the 
aircraft. To cover the full range it 
may be necessary to have more than 
one tunnel available. In a low speed 
tunnel the maximum speed may be 
only 170 m.p.h. With careful design 
another tunnel (transonic) may cover 
the range from Mach 0°8 to 1-6- 
Mach 1-0 is the speed of sound. Other 
tunnels will cover even greater speeds. 
The models which are tested in the 
tunnel have to be made to a high 
degree of accuracy and are therefore 
costly. The models for use in low 
speed tunnels can be made of wood 
such as mahogany, whereas those 
tested in transonic or supersonic tunnels 
have to be constructed from metal 
(usually steel or aluminium alloy) to 
withstand the additional stresses. 
The models are mounted in the 
working section in such a way that 
their position in space can be varied 
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Cut away view of a Transonic Tunnel. 
The air is drawn over the model in the 
working section by the suction caused by the 
exhaust of the three jet engines. 


by external adjustment. In this way 
the forces acting on the craft when 
climbing, turning, landing, etc., can 
be measured and the nature of the 
air flow around the wings determined. 

By means of a set of strain gauges — 
wires whose electrical resistance 
varies as they are stretched — the 
three forces (drag, lift and side forces) 
and three turning moments 
(pitching, rolling and yawing) acting 
on the model can be measured. In 
some modern installations this data 
can be recorded automatically. In 
addition the air flow patterns over 
the aerofoils (wings) can be studied 
by nylon tufts anchored to their sur- 
faces or by a paste of fine zinc oxide 
particles dispersed in oil which is 


These two pictures show by means of 
tufts the patches on the surface of the delta 
wing where the airflow has broken away. 
The effect is worse as the air speed 
increases (right). 


applied to the wings. In this way the 
stability of the aircraft in flight is 
found. 

By means of such tests the most 
satisfactory preliminary design for a 
proposed aircraft is chosen. As work 
on detailed desig1i proceeds all modi- 
fication to its shape must be tested. 
But although the wind tunnel tests 
yield a vast store of performance data, 
it is still necessary for the completed 
aircraft to undergo extensive flight 
trials. 
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RECTIFIER 


| ELECTRICITY 


ANY electrical appliances are 
built to use alternating current 
(to-and-fro surges of electrons), which 
is usually supplied from the mains. 
But others, for example electronic 
equipment and some electric trains, 
require one-way flows of electricity, 
or direct current. Often the cheapest 
way of getting this is from the alter- 
nating current in the mains, changing 
the to-and-fro surges into a one-way 
flow with a device called a rectifier. 
This allows electric current to pass 
through it in one direction only, con- 
verting alternating current into either 
to surges or fro surges (depending on 
which way the rectifier is connected). 
There are three main types of rectifier: 
metal rectifiers, diode valves and semi- 
conductor diodes. 


Metal Rectifiers 


COPPER/COPPER OXIDE 
RECTIFIER 


TO INCREASE THE 

VOLTAGE THE RECTIFIER 
CAN STAND, THE RECTIFIER 
ELEMENTS ARE CONNECTED 
IN SERIES 


Semiconductor diode rectifiers. The 10 amp 
power rectifier (near left) is shown bolted 
onto cooling fins (below). 


COOLING 
FINS 


Metal Rectifiers 

A copper disc coated on one side 
with a layer of copper-oxide acts as 
a rectifier. Electric current (2.¢. elec- 
trons) can flow easily from copper to 
copper-oxide, but not from copper- 
oxide to copper. The rectifier has a 
low electrical resistance in one direc- 
tion, and a high one in the other. A 
single coated-copper disc has, how- 
ever, serious limitations as a rectifier. 
Firstly, it can stand a voltage (electric 
pressure) of only a few volts in the 
reverse (i.e. copper-oxide to copper) 
direction. At higher voltages it con- 
ducts electricity in both directions. 
But since each single metal rectifier 
can stand a few volts, by connecting 
a number of them in series (stacking 
the discs on top of one another) the 


whole rectifier can be used up to 
about 240 volts. 

The second limitation of metal 
rectifiers is that they can be used to 
rectify only small currents of about 
one amp. With larger currents they 
overheat (the heating effect of a 
current is proportional to the square 
of the current) and may start to 
decompose. The rectified current can 
be increased by connecting the discs 
in parallel, so that the total current 
is the sum of the smaller currents 
through the individual discs. 

This type of rectifier has the advan- 
tage of being relatively cheap and 
robust. It is used, for instance, to 
change mains alternating current to 
direct current in the battery charger. 
In this device, the mains electricity 
is passed through a_ transformer, 
which brings its voltage down from 
240 volts to about 12 volts (for a 
12-volt car battery), before it is 
rectified. 


Diode Rectifiers 

The vacuum diode valve (described 
on page 230) also allows electrons to 
pass through it in one direction only — 
from cathode to anode. The alter- 
nating current to be rectified is 
connected between anode _ and 
cathode. It can flow through the 
valve only when the anode is at a 
higher voltage (i.e. is more positive) 
than the cathode. The current is a 
stream of electrons emitted from the 
hot cathode: if the anode is more 
negative than the cathode, the stream 
of electrons will be repelled and will 
never reach the anode. 
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At the junction between copper oxide and copper 
(and iron and selenium) is a barrier which prevents 
electric current from flowing up it, but allows 
current to flow down it. This barrier acts as a 
difference in electric pressure, and results from the 
different electrical properties of copper and copper 
oxide. The rectifier breaks down when the voltage 
(electric pressure) across the junction is large enough 
to push current up the barrier. 


CONNECTING ELEMENTS IN PARALLEL 
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Vacuum diode valves are also 
limited in the size of current they are 
able to rectify. At voltages above a 
few thousand volts, this sort of recti- 
fier is very wasteful. Even when the 
diode is conducting, the resistance 
between cathode and anode is quite 
high. A large proportion of energy is 
converted into heat, and dissipated. 

Gas-filled diode valves (the gas being 
usually mercury vapour) can be used 
to rectify larger currents at higher 
voltages. This sort of rectifier would, 


High-voltage, high current thermionic diode 
rectifiers. Left: gas-filled diode. Right: 
vacuum diode. 


for instance, be used in the power 
unit supplying an electric train. 
Electrons emitted from the cathode 
are attracted to the anode, as in the 
normal vacuum diode. On the way 
to the anode they collide with gas 
molecules, stripping further electrons 
from them. The original electrons and 
the newly released electrons all pro- 
ceed to the anode, colliding with gas 
molecules on the way and stripping 
off even more electrons. Thus there 
can be an enormous flow of electrons 
from cathode to anode, but none in 
the opposite direction. Cooling the 
valve with air or water keeps it at 
the optimum working temperature 


TRANSFORMER 


A typical 12-volt D.C. power unit. The 
metal rectifier 1s placed between the con- 
densers and the choke. 


(about 75°C) and gets rid of the 
large amount of heat which must 
inevitably be wasted when the valve 
is rectifying an enormous amount of 
power. 

Both these kinds of rectifiers are 
likely to be superseded by _ semi- 
conductor diodes. These are made from 
crystals of either germanium or sili- 
con, made purposely impure so 
that they conduct electricity to a 
certain extent. Two pieces of this 
material, which is called, for obvious 
reasons semiconducting, each containing 
an impurity of a different kind are 
either fused, or welded together. The 
resultant crystal, or junction diode, 
behaves very much like the diode 
valve. The junction between the two 
parts of the crystal acts like a barrier 
(a ‘potential’ barrier) which allows 
electrons to pass in one direction but 
not the other. 


Arrangement in a Circuit 


One single rectifier is a half-wave 
rectifier, because it allows only half 
of the supplying current to pass 
through. This is, however, a very 
wasteful method of making direct 
current, since half the alternating 
current is wasted. A full-wave rec- 
tifier is always used in practice. This 
has two separate rectifiers arranged 
in the circuit so that, when the first 
rectifier stops passing current, the 
current can pass through the second. 

The current from even a full-wave 
rectifier is still very different from 
the steady direct current produced by 
a battery. In a radio set supplied by 
such a current, the variations would 
come out as ‘hum’ on the loud- 
speaker. For most purposes an almost 
steady current is required, and only 
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a very slight variation is tolerable. 
The variations are ‘smoothed out’ 
by adding several extra components, 
chokes (coils of wire) and capacitors 
to the circuit. This will be described 
more fully in a later article. 


ELECTRON 
FLOW 


The conventional symbol for a metal recti- 
fier (or for a semiconductor diode rectifier). 
The arrow points in the direction of 
conventional current flow (from positive to 
negative). The electron flow current 
flows in the opposite direction, from 
negative to positive. 


Half-wave Rectification 
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Full-wave Rectification 
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DYNAMICS 


The Equations of MOTION 


HEN an object gathers speed it 

is said to accelerate. The object’s 
acceleration is defined as the increase in 
its speed which takes place in one 
second. Supposing a motor car travel- 
ling at 30 miles per hour begins to 
increase its speed steadily until 5 
seconds later it is travelling at 40 
miles per hour. What is its accelera- 
tion ? Its increase in speed is 40—30= 
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Supposing a cyclist travelling at 
8 ft./sec. accelerates at a rate of I+ ft./ 
sec./sec. for 10 seconds. What speed 
does he attain? In this problem the 
final velocity (v) is to be found and the 
starting velocity (u), the acceleration (a) 
and the time taken (t) are known. 
Hence the equation to use is the’ first 
equation of motion, vy =u + at, since 
it is the only one which does not include 
the unknown distance covered (s). The 
known values are u = 8ft./sec., a = 
I} ft./sec./sec. t = 10 sec. and putting 
them into the equation gives:— 

v=8+ 14 x 10=8+15=23 ft./sec. 
So the cyclist attains a speed of 23 ft./sec. 
(about I5 m.p.h.). It is worth remember- 
ing that a speed of 60 m.p.h. is equal to 
88 ft./sec. 


[cece FRU AN ng IE NG CA EE a 


10 miles per hour. But this increase 
takes 5 seconds, so the increase which 
takes place in one second is 10 miles 
per hour ~5 seconds which is 


2 miles per hour per second. In other 
words the steady acceleration of the 
car is 2 miles per hour per second. 
Sometimes the word ‘velocity’ is 
used, particularly by scientists, in 
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preference to the word ‘speed’. The 
two are not quite identical in mean- 
ing, for velocity is ‘speed’ in a definite 
direction. Speed is simply the distance 
travelled by a moving object in one 
unit of time. In the case of a motor 
car the distance travelled is usually 
measured in miles and the most 
convenient unit of time is the hour. 
Hence motor car speeds are usually 


A ball bearing rolls down a sloping 
plank and by the time it reaches the 
first of two marks it has a speed of 
10 cm./sec. By the time it reaches the 
second mark its speed has increased to 
50 cm./sec. The ball is timed with a 
stop-watch as it rolls from the first to 
the second mark and is found to take 
4 seconds. What is the distance between 
the marks? In this problem the distance 
travelled (s) is to ‘be found while the 
starting velocity (u), the final velocity 
(v), and the time taken (t), are known. 
The best equation to use here is 
ed , since this is the only one 
which does not include the unknown 
acceleration (a). The known values are 
u = 10cm./sec.,, v =50cm./sec, t= 
4 sec. Putting them into the equation 
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DS itita. tes? Ane 
So if a quarter of the distance is 30 cm. 
the whole distance between the marks 
on the sloping planks is 4x30 = 120 cm. 


quoted in miles per hour. In cases 
where smaller distances are involved 
it is better to measure the distance 
travelled in feet and to take one 
second as the unit of time: the speed 
or velocity is then quoted in feet per 
second. In the laboratory, distances 
are most often measured in centi- 
metres, in which case speeds or 
velocities are quoted in centimetres 
per second (cm./sec.). 


DERIVATION 


Problems and calculations concerning 
moving objects involve such terms as 
distance travelled, time taken, constant 
acceleration, starting velocity and final 
velocity. Because the same terms are 
used over and over again it is very 
convenient to give them symbols. In 
fact it is necessary to use symbols here 
because without them it would be 
virtually impossible to construct formu- 
lae and equations of motion. Equations of 
motion give a simple method of finding, 
say, the final velocity of a moving 
object whose starting velocity, accelera- 
tion and distance travelled are known. 

Time taken is given the symbol ¢. 
It is measured in seconds. Distance 
travelled is given the symbol s. It is 
measured in feet or centimetres. Final 
velocity is given the symbol z, starting 
velocity or initial velocity is given the 
symbol u. Velocities are measured in 
feet per second (ft./sec.) or centimetres 
per second (cm./sec.). Constant accel- 
eration is given the symbol a. It is 
measured in feet per second per second 
(ft./sec./sec.) or centimetres per second 
per second (cm./sec./sec.). Although 
there are other units for measuring 
any of these quantities using them in 
calculations is liable to lead to mistakes. 

The four equations of motion are: 


1S 


Here, the multiplication signs have 
been left out so the symbol .a/ means 
axXt, ut means u Xt, 2as means 
2 xX a*xs, The symbol # stands for 
‘t squared ’ and means t x ¢. Similarly 
v* means v X v and w* means u X u. 
The symbol } at? means $ x a x t X t. 

The first two equations are simply 
the definitions of acceleration and 
average velocity using symbols instead 
of words. Acceleration, a, is the increase 
in speed which takes place in one 
second. In ¢ seconds the increase in 
speed is therefore at. The final velocity v 
after ¢ seconds is the original (starting) 
velocity u plus the increase in velocity 
which took place during ¢ seconds. 


Hence which is the first 
equation of motion. 


Average speed is defined as distance 
travelled ~ time taken. Using symbols, 


the average speed = 7 But if an object 


has a starting speed u and a final speed 
v the average of these two speeds is 
at? This is the average speed and is 
i tee 


- 2 
second equation of motion. 


s 
equal to -. Hence, 
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Unfortunately these two equations of 
motion do not cover every possible 
problem involving objects in motion. 
If, for example, the time, t, is unknown, 
neither equation can be used to cal- 
culate, say, the final velocity, v. 
Similarly if the final velocity, 2, is 
unknown it is impossible to calculate, 
say, the initial velocity u from either of 
these equations. For this reason two 
more equations of motion are needed, 
making four in all. The third and 
fourth equations are obtained by 
combining the first two. 

The second equation can be written 


ea bi 
fe 
multiply both sides by 2 
25 
—=u-+o 


t 
but v = u + at from the first equation, 
so writing u + at in place of v gives 
Saututat=ou+at 
divide both sides by 2 


; =u+tat 
multiply both sides by ¢ 


s=ut + pat x tors Sarde, f 

which is the third equation of motion. 
To obtain the fourth equation each 

of the first two is arranged so that the 

symbol ¢ alone appears on the left. 
First equation v = u + at is turned 

round to give u + at =v 

subtract u from each side 


at =v—u 
divide by a 
rp egeakg 
a 
Second equation ere 5 is turned 
2 


upside down to give 
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t = time 


s = distance travelled a= acceleration 
u = starting v = final 
speed ‘speed 


A stone dropped from the top of a cliff accelerates at a rate of 
32 ft./sec./sec. as it falls. This is called the acceleration due to 
gravity and is given a symbol (g) of its own. If the stone falls for 
3 seconds before it hits the ground, what is the height of the cliff? 
In this problem the distance travelled (s) is to be found and the 
acceleration (a) and the time taken (t) are known. The starting 
speed (u) is not given but it can be assumed that the stone started 


with no speed so u = 0. The equation to use here iss = ut+4 at 
since this is the only one which does not include the unknown 
final velocity (v). The known values are u = 0, t =3 sec., g = 
32 ft./sec./sec. and putting them into the equation gives:— 

s =0x344x32x3x3 = 0+144 = 144 feet. 

(The result of multiplying any number by zero is always zero, 
hence 0x3 =0.) So the cliff is 144 feet high. 


A motor car completes a 60 mile 
journey in two hours. If the speed 
does not change throughout the 
journey the distance covered in one 
hour is plainly 30 miles (i.e. half the 
distance in half the time) and the 
average speed is therefore 30 miles per 
hour (30 m.p.h.). The average speed 
for any journey can be found by 
dividing the distance travelled by the 
time taken. Thus an object which 
moves through 50 feet in 12} seconds 
has an average speed of 50 ~ 124 = 


a station and at the end of 5 seconds 
it has reached a speed of 60 ft./sec. 
How far has it travelled from the 
station? It is tempting to say 300 feet 
(t.e. 60 feet for every second), but 
this 1s not so. The train is speeding up 
(accelerating) and in the first second 
only travels a short distance because 
its starting speed was 0 ft./sec. The 
average speed over 5 seconds is 0-+60 
+2 = 30 ft./sec. 

Since the average speed of the train 
is 30 ft./sec. the distance travelled 


PS 4 feet per second (4 ft./sec.). during the 5 seconds is 150 feet (t.e. 
e-Po. s A railway train starts to move from _30 feet for every second), 
multiply both sides by s 
Peioes x S$ 20 3 A lift moving with a speed of 20 ft./sec. slows down until, after 
es” it has travelled 16 feet, its speed is only 12 ft./sec. What is the — 
eae Fo gp ce ' acceleration? The initial velocity (u), the final velocity (v) and the © 
u+v eis distance travelled (s) are known, and the acceleration (a) is to be — 
v— u 2s found. The best equation to use here i since this — 
og 7 is the one which does not include the unknown time (t). Putting | 
7 B38 | the known values u = 20 ft./sec., v = 12 ft./sec., s = 16 feet, into — 


the equation gives:— 
12x12 = 20x20+2xax 6 
144=400 + 32xa 
Taking 400 away from each side of the equation gives:— 
(144—400) = Mie rai 
xa 


To get rid of the fractions, multiply 
both sides by a 
2s 2as 


utov uto 


v—u=ax 


multiply both sides by (u + v) +256 = 
2as ' f so that 32 xa = minus 256. Dividing both sides of the equation — 

(u+v) x (v—u) = (u+ 2) x (+0) by 32 gives:— on 

uxo—uxu+uvuxv—uxo 2as a = minus > = minus 8. 


OX — bX "248 


4 So the acceleration of the lift is minus 8 ft./sec./sec. The minus sign 
u 


means the object is not speeding up but is slowing down. In other 
words, the lift has a retardation (the opposite of acceleration) of 
8 ft./sec./sec. 
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adding u? to each side ao ci 


_ en 


which is the fourth equation. i 


TECHNOLOGY 


Cooling 
the 
Engine 


URING combustion in a petrol 
engine only about one quarter of 

the heat energy obtained from the 
petrol is used to produce useful power. 
Although an appreciable amount of 
the remaining heat is carried away in 
the exhaust gases, the rest flows into 
the cylinder head and cylinder walls, 
from there it passes into the atmos- 
phere. This quantity of heat is con- 
siderable and without some form of 
cooling, the lubricating oil would be 
burnt, the pistons would seize-up, 
the valves would distort due to over- 


Section through a cylinder of an air-cooled 
engine. The fins increase the exterior sur- 
face area of the cylinder and so assist the 
transfer of heat to the surrounding air. 


heating and the quantity of mixture 
entering the cylinders during the 
induction stroke would be so reduced 
as to cause lack of power. A form of 
cooling system must therefore be 
provided. 
Air Cooling 

This method is more often used for 
motor-cycles than for motor-cars. 
Cooling is achieved by ‘finning’ the 
exposed cylinders so as to increase the 
area of the cooling surface. The 
motion of the machine provides a 
natural draught of air which gives 
adequate cooling. 

Air cooling has a number of 
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Section through a water-cooled engine. This engine employs the thermo-syphon cooling 


System. 


advantages over water cooling. For 
one thing it makes the construction 
of the engine much simpler. Air 
cooled engines weigh less and cost less 
than comparable water-cooled en- 
gines. They warm up more quickly 
and they run no possible risk of 
freezing. 

Water Cooling 

As a material for removing heat, 
water is much better than air (it 
has a higher specific heat), thus the 
majority of engines are water cooled. 
Water circulates in special passages, 
or water jackets which surround the 
cylinder walls and cylinder head. 

The heat produced by combustion 
passes through the walls of the 
cylinder and the head into the water. 
The heated water becomes less dense 
and tends to move upwards (due to 
convection) to the radiator header tank, 
it is then replaced by cold water from 
the lower tank of the radiator. The 
heated water passes down through the 
radiator core and is cooled by the flow 
of air created when the vehicle is in 
motion. 

This method of cooling is known as 
the thermo-syphon or natural system 
of cooling, and in order to assist 
convection, the header tank of the 
radiator must stand well above the 
cylinder block. 

The Radiator 
The function of the radiator is to 


get rid of the heat as quickly as 
possible, it does so by dividing up 
the water and causing it to flow along 
a large number of small passages. 
These passages are designed so as to 
present the largest possible surface 
area to the cooling draught of air. 

The radiator usually consists of a 
header tank and a lower tank joined 
together by the radiator core. The 
film type of core is used on most 
modern automobiles. The zig-zag 
water passages are formed from metal 
sheets soldered together at their 
edges. This arrangement lengthens 
the path along which the water has 
to flow and so a high cooling efficiency 
is obtained. 

All radiators are fitted with an 
overflow pipe which enables any steam 
formed in the system to escape. It 
also. prevents overfilling of the 
radiator. 

Pressure Cooling 

Most modern motor-cars are fitted 
with a pressure type radiator cap and 
a radiator built to withstand pressure. 
This radiator cap seals off the opening 
of the overflow pipe and so prevents 
loss of water. It enables a pressure to 
build up in the cooling system so that 
the boiling point of the water will be 
raised. In consequence the engine 
can operate at higher temperatures 
without boiling and loss of water. 
The radiator cap also acts as a safety 
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Section through a water-cooled engine. This engine employs 


tion of water. 


valve and releases any excess pressure 
that may build up within the system. 

The type of cap illustrated contains 
a spring loaded pressure valve which 
seals off the system from the air. As 
the engine cools down, the pressure 
in the system will drop below that of 
the atmosphere. To prevent damage 
to the radiator core and water hoses 
the smaller spring loaded vacuum 
valve opens and thus allows the 
pressure in the system to return to 
that of the atmosphere. 


The Fan 

To ensure an adequate flow of air 
through the radiator core when the 
vehicle is stationary or moving slowly, 
a fan is fitted between the engine 
and the radiator. This fan may have 
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pump to assist the circula- 


from two to twelve blades and it is 
driven from a pulley on the engine 
crankshaft by means of a V-section 
rubber belt which also serves to 
drive the dynamo in many cases. 


The Water Pump 

. In the thermo-syphon system the 
circulation of water is rather slow and 
the radiator has to be above the level 
of the engine, so modern engines are 
usually fitted with a small water pump 
to increase the rate of water circula- 
tion. If a pump is fitted, the radiator 
can be made smaller and lower than 
would otherwise be the case. The 
pump consists of an impeller with a 
few short vanes attached to one face. 
The pump is usually mounted on the 
same spindle as the fan and is 


situated in the flow of water between 
the bottom of the radiator and the 
cylinder block. 

The direction of water flow caused 
by the pump is the same as with the 
thermo-syphon circulation. 


The Thermostat 

Because it is desirable for the 
engine to warm up from cold as 
quickly as possible, a thermostat con- 
trol is usually fitted in the water 
outlet of the cylinder head. The 
thermostat consists of metal bellows 
filled with a volatile liquid, to which a 
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A typical liquid-filled thermostat from a 
water-cooled engine. 


dish shaped valve is attached. During 
the warming up period the valve 
allows the cooling water to bypass 
the radiator. When the temperature 
of the water reaches about 80 — 85°C, 
the volatile ‘liquid boils, causing the 
bellows to expand and thus lifting 
the valve off its seat. With the valve 
open the water can enter the radiator 
from the cylinder head. 


The Exhaust System 


When the exhaust valve opens the pressure in the cylinder 1s 
still well above atmospheric pressure and tf the exhaust gases were 
allowed to pass directly into the atmosphere there would be a 
series of loud bangs. To reduce this noise to the ‘reasonable’ level 
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permitted by law the exhaust gases are directed through an 
exhaust manifold, an exhaust pipe, a silencer and a tail 
pipe. The silencer achieves the required noise reduction by 
smoothing the flow of exhaust gases as shown. 
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pH-Acidity 


HE addition of a drop of litmus 
indicator to a solution will tell 
roughly whether it is acidic, alkaline 
or neutral. An acidic solution turns 
red, an alkaline one blue whereas a 
neutral solution gives a purple color- 
ation (a mixture of red and blue). 
But there are degrees of acidity and 
alkalinity that do not show up from 
such tests. One acid solution may 
have much greater acidity than an- 
other. For example, concentrated 
sulphuric acid is much more acidic 
than lemon juice. A concentrated 
solution of caustic soda is much more 
alkaline than a very weak solution. 
pH is a measure of just how acidic 
or alkaline a solution is. pH values 
range from o to 14. A solution with 
a pH of o has the maximum possible 
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acidity. One with a pH of 1, although 
still strongly acidic, is slightly weaker. 
pH values of 2, 3, 4, 5, and 6 indicate 
successively weaker acidic solutions. 
Neutral liquids such as pure water 
have a pH value of 7. pH numbers 
from 7 to 14 indicate alkaline solu- 
tions with 14 as the maximum 
alkalinity. 

The pH values 0 to 14 are not just 
arbitrarily chosen numbers but do 
have a scientific meaning. The acidity 
of a solution and its pH depend on the 
concentration of hydrogen ions in the 
solution. Pure water consists mostly 
of water molecules and a few ions 
caused by the splitting of molecules 
into an equal number of hydrogen 
and hydroxyl ions. In one litre of 


water there are or 10” 


10,000,000 
moles of hydrogen ions. A mole is a 
molecular weight expressed in grams. 
The pH with this hydrogen ion 
concentration is 7. If the concentra- 


tion were or 10° moles 


1,000,000 
per litre, then the pH would be 6. 


I 
If it were ot 10° then the pH 


would be 2. 

The pH value of the soil is im- 
portant. Although plants such as 
rhododendrons grow well in acid 
soils, most crops do very badly. They 
prefer soils which are neutral or 
slightly alkaline (pH 7-8). Soil testing 
outfits are used to find soil pH. If 
the soil is too acidic, lime corrects 
this. It is just as bad for the plants if 
this is overdone, for if the pH rises 
above 8 then the soil will be too 
alkaline for proper plant growth. 
For the human body to function 
properly the blood should have a 
pH of around 7-4 (very slightly 
alkaline). Gastric juices should have 


A typical ‘mixed indicator’ card. Solutions containing a drop of 
indicator are matched against the card to find the pH. ’ 


the strongly acidic value of around 2. 

Indicators are dyes which change 
colour over a certain range of pH. 
Litmus passes through such a wide 
range of pH during its colour change 
that it is useless for assessing pH 
values. In a very acidic solution, 
pH 1, the indicator thymol blue is 
red in colour. At a pH of 1-2 it 
begins to ieee colour. When the 
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Solutions being tested for pH with the 
indicator bromocresol green. 
pH of 2-8 is reached the colour has 
completely changed to yellow. Mid- 
way between the two values, i.e. at 
pH 2, the colour is orange. Another 
indicator, bromocresol green, changes 
colour from yellow to blue in the pH 
range from 3°8—5-4. This indicator is 
green around a pH of 4:6. There is a 
series of indicators to show the pH 
value throughout the complete range 
from o to 14. Some chemical firms 
have brought out ‘mixed indicators’ 
which produce different colours for 
different pH values. For example, 
one ‘mixed indicator’ may be pink at 
pH 4, yellow at pH 6, green at pH 7, 
blue at pH 9°5 and purple at pH 11. 
‘Mixed indicators’ are made from 
suitable mixtures of many indicators. 
There are also meters designed to 
read pH values very accurately. These 
will be dealt with in a future article. 
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BENJAMIN 


ALTHOUGH he is chiefly remem- 
bered as an American statesman, 
§ Benjamin Franklin also made several 
PNaluable contributions to scientific 
knowledge. Born in 1706, the fifteenth 
‘child of a poor Boston family, he was 
4 mainly self taught, although he did 
¥\ attend the local grammar school for 
Va while. 
= At the age of 12 he was apprenticed 
«to a printer and five years later he 
% left his home town for Philadelphia 
where he continued to practise his 
trade. By 1729 he had set up his own 
successful printing house and bought 
the Pennsylvania Gazette. 

Soon after this he entered upon a 
career of public service, first as clerk 
to the general assembly of Pennsyl- 
vania. In 1751 he was himself elected 
to that body and from 1753 to 1774 
he was deputy Postmaster-General for 
the North American colonies. 

On a number of occasions Franklin 
visited England to negotiate with the 
British Government on behalf of the 
colonists. It was in the course of his 
voyages to England that he carried 
out a Series of experiments to dis- 
cover the nature and course of the 
Gulf Stream.“{his is a warm ocean 
current which flows from the Gulf of 
_ Mexico along the East coast of Nort 
_ America and then tufns_eastwards 
_ across the Atlantic from a pointeffthe 
\ coast of Newfoundland. In plotting 
this current Franklin made regular 
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determinations of the temperature at 
various depths in the ocean. 


The nature of thunder and light- 4 


ning had interested scientists and 


philosophers for centuries, but it fell g 


to Franklin to investigate the nature ¥ ; 
of lightning experimentally. He had 7% 


prepared a child’s kite with a wire 


spike attached to it. Near the other 
end of the string to which the kité 


was attached, he secured a key. He™ae 


released the kite as a thundercloud 
passed overhead, and was soon able 
to draw a large electric spark from 
the key. This could have been very 
dangerous, had he not held the kite- 
string with an insulator. As the rain 
soaked into the string, thus increasing 
its electrical conductivity, electricity 
flowed freely down the string and was 
found to have the same properties as 


the statesman. (Below 
scientist experimenting 
electrostatic charges. (Bt 
tom) Drawing a streak 4 
lightning froma thundercloug 


the electricity produced by friction. 
The success of this experiment 
suggested the use of lightning conductors 
to protect tall buildings. 

Another contribution —_ which 
Franklin made to the study of elec- 
tricity was to establish the existence 
of positive and negative charges. 

Although it is not certain whether 
he invented them Benjamin Franklin 
was certainly the first personsto des- 
ibe bifocal spectacles. Prev; 
nyone required lenses of 
wers for reading 2 for S€eing 
eparate,pairs of, 
guired. However, 
faving twouhialf 


ler. r,s. 
Magnification 


© upper half was 


in Was too much concerned 
ni politics to deyote much time in his 
later life to science. He helped draw 
up the Declaration of Independence, 
and shortly“setore his death in 1790, 
he was campaigmimg for the abolition 
of negro slavery. 


STATIC ELECTRICITY 


WHEN an ebonite or glass rod is 

rubbed with a piece of fur, 
some of the loosely bound electrons 
that are attached to the fur become 
dislodged and attach themselves to 
the surface of the glass. The glass, 
with its extra electrons, is negatively 
charged. The fur, with its deficiency 
of negatively charged electrons, has 
an overall positive charge. After 


Lord Rutherford 
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rubbing, both fur and glass carry 


electrostatic charges. 

The gold leaf electroscope was 
invented in 1787 to detect the pre- 
sence of such electrostatic charges. It 
can be used to find out whether a 
charge is positive or negative and to 
compare the sizes of different charges. 
It does not measure their actual 
values. This is done by an instrument 
called an electrometer. 

The gold leaf electroscope works 


on the principle that positive charges<} 


repel each other; so do negabivgl 


that attract.) If a positive charge is 
put on to two flimsy pieces of gold 
leaf they repel each other. The 
greater the charge, the more they 
separate. Exactly the same happens 
if the leaves are negatively charged. 

The apparatus. Because they are so 
flimsy and will be blown about and 
ripped by draughts, the two gold 
leaves are housed in a glass-fronted 
box. To ensure that the box does not 
carry a charge that will affect the 
leaves and ruin the readings, the 
box, which has a metal lining, is 
connected to earth while the electro- 
scope is in use. Then, if the box 
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becomes positively charged, negative 
electrons flow from earth to make up 


the deficiency. Alternatively, if it 


becomes. negatively charged, the 
extra electrons flow back to earth. 
Sp that the box can be kept closed 
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when it is in use, the charge is con- 
ducted on to the gold leaves from 
outside. Above is a brass knob or 
disc joined to a thick brass rod leading 
into the box. The gold leaves are fixed 
to the end of this rod. Charge is put 
on the brass disc and conducted down 
the rod on to the gold leaves: gold is 
chosen because it can be beaten into 
very thin, light leaves which are 
capable of movement. Alloy leaves 
can also be used. To ensure that the 
charge does pass on to the leaves and 
not leak away on to the box, the brass 
rod is insulated by a plug of sulphur 
or ebonite or polythene. 

There are two ways in which a 
gold leaf electroscope can be charged, 
resulting in the separation of its 
leaves. The charge can be put on by 
contact with a charged body or by 
induction where the charged body is 
brought near, but does not actually 
touch, the brass disc. When it is 
being charged by contact with a 
negatively charged body, negative 
charge flows across from the body on 
to the brass disc. Some is conducted 
down the brass rod on to the leaves 
which as they are both now nega- 
tively charged, repel each other, and 
separate. They remain separated 
when the charged body is taken 
away, showing that a charge has in 
fact been passed across. Touching the 


disc with a finger collapses the leaves 
hen each experiment is finished. 
With induction no charge passes across. 
e brass parts and collapsed gold 
ves have no overall charge, 2.e. 
ere are equal numbers of positive 
d negative charges. When the 
egatively charged glass is brought 
ear, the negative charges on the brass 
c are repelled and move out of the 
ay down to the gold leaves which as 
ey are now negatively charged repel 
each other. The effect is only tem- 
rary, for when the charged body is 
en away, the charges rearrange 
emselves and the leaves collapse. It 
can be made permanent by touching 
the brass disc with a finger while the 
tod is in position. This conducts away 
the positive charges from the disc, 
leaving the leaves still charged. 
To tell whether a charge is posi- 
tive or negative. 
First the _brass disc is sicked with 


When glass and fur are rubbed together 
they become charged. Negatively charged 
electrons are rubbed on to the glass leaving 
the fur positively charged. 


a piece of fur to make the gold leaves 
negatively charged. The fur is 
removed. The object under test is 
brought close to the brass disc. If it 
is positively charged, some negative 
charge is attracted up from the leaves. 
As their charge is lessened their leaves 
collapse slightly. This also happens 
with neutral bodies. If the object 
carries negative charge, negative 
charges are repelled from the brass 
disc down into the leaves which on 
account of their increased charge 


Charges formed by 
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substances are of equal 
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move further apart. Increased diver- 
gence is the only true test. 

When two substances become 
charged by rubbing against each 
other, the charges are of the same 
size and opposite sign. The type of 
charge can be tested in the manner 
already described. When both sub- 
stances are brought up to an 
uncharged electroscope, there is no 
divergence of the leaves, showing 
that jointly they have no effect. The 
positive charge is the same size as the 
negative. 

A modified gold leaf electroscope 
was used by Lord Rutherford for 
his experiments using radioactive 
materials. The radioactive material 
was placed on a shelf under the gold 
leaf. Fast moving particles ejected 
from it ionized the surrounding air 
making it conducting so that the 
charges on the leaves leaked away 
and the divergence decreased. 
Rutherford observed the divergence 
with a microscope. 

Some substances are insulators, 
others conductors. The gold leaf 
electroscope can be used to decide in 
which category a substance belongs. 
The electroscope is once more charged. 
The leaves stand apart. When a 
piece of sulphur is brought into 
contact with the brass disc, the leaves 
remain exactly as they are. The 
charge has not been conducted away 
by the sulphur, which is an insulator. 
If, on the other hand, a piece of 
copper wire is tested, there is an 
immediate collapse of the leaves 
because the copper has conducted 
their charge away. Metals, water, and 
the human body are conductors. 
Rubber, silk, glass, amber and ebo- 
nite are examples of insulators. Some 
substances are partial insulators. Here 
the charge leaks away slowly. 

Faraday used a gold leaf electroscope 
for his famous ice pail experiment, in 
which he showed that the charge on 
a hollow conductor is situated on the 
outside. He lowered an _ insulated 
positively charged sphere into the 
ice pail which was placed on the 
disc of the electroscope. The positive 
charge attracted negative charges 
near to it, leaving the outside of the 
pail and gold leaves positively 
charged. The leaves separated. 
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To test whether a charge is positive or 
negative. 
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Faraday’ s ice pail experiment which proves 


that the charge on a hollow conductor is 
sttuated on the outside. 


Touching the sphere against the 
inside of the pail neutralized the 
inside negative charges. There was 
no change in the divergence of the 
leaves, nor was there when the sphere 
was removed, showing that the out- 
side had retained its charge. 
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| CHEMICAL REACTIONS | 


CHEMICAL EQUATIONS 


N a chemical change the various 
atoms in different molecules are 
rearranged, and this results in the 
formation of one or more new chemi- 
cal substances. Such a reaction can be 
described in words, but the chemist 
more frequently uses a chemical equa- 
tion to show simply and concisely what 
actually happens. 

Before such equations can be inter- 
preted or written correctly, a number 
of rules or conventions need to be 
understood. Although it may seem 
that these equations, and the symbols 
used in them, are similar to those met 
in mathematics, there are a number 
of subtle differences. In particular, in 
chemical equations the reactants are 
always shown on the left-hand side 
while the reaction products are 
entered on the right. 

Furthermore, the addition sign (+) 
does not necessarily denote addition 
in the mathematical sense. On the 
left-hand side, at least, it means that 
the substances react together to form 
the products shown to the right of the 
equals sign (=). To overcome any 
possible confusion the equals sign is 


sometimes replaced by an arrow (—>) 
to show the direction of the reaction. 

The very name equation implies 
that there must be the same number 
of atoms of each element on the two 
sides, i.e. the equation must balance. 
This is in accordance with a basic 
law of chemistry which states that in 
a chemical reaction matter can neither 
be created nor can it be destroyed. 
(In nuclear reactions it is possible to 
convert mass into energy.) 

All substances which take part in 
chemical reactions exist as molecules, 
and molecules of both elements and 
compounds contain a definite number 
of atoms. In compounds there is a 
fixed ratio between the number of 
atoms of each element present. A 
different compound is obtained if 
this ratio is altered. Thus red copper 
oxide (cuprous oxide) contains two 
copper atoms for every oxygen atom, 
whereas in black copper oxide (cupric 
oxide) there is an equal number of 
copper and oxygen atorns. 

Thus the only way to make equa- 
tions balance is to insert whole 
number multipliers in front of some 


or all of the formulae. In building up 
an equation, the best procedure is 
first to write down the formulae of 
all the reactants and all the products. 
Then, by trial and error, the correct 
multipliers are found. 

It should be added that when 
reactions take place in solution, water 
is not shown in the equation unless it 
actually takes part in the reaction. 
Neither are catalysts shown, since they 
do not undergo any permanent 
chemical change. 

Once an equation has _ been 
correctly written and balanced it is 
possible to calculate how much of 
the various reactants must be used to 
yield a certain quantity of product. 
This can be done on a weight or 
volume basis, since at standard tem- 
perature and pressure (0°C and 760 
mm. Hg. 2.e. the height of mercury 
which the atmosphere supports), one 
gram molecule of a gas occupies 22-4 
litres. Calculations of this type are 
used by chemical engineers when 
they start work on the design of a 
chemical plant, to find the flow rates 
through the various units. 


Balancing Equations 


If a mixture of iron filings and flowers of sulphur is heated 
together, ferrous sulphide is formed. The equation for 
this reaction balances immediately, because one atom 
each of iron and sulphur yield one molecule of ferrous 
sulphide: 

Fe + S = FeS 
so that the equals sign can be inserted. 


Building up the equation for the combustion of mag- 


First the formulae for the reactants and products are 


+ @ 


ONE ATOM SULPHUR ONE MOLECULE 


FERROUS SULPHIDE 


written down: 
Mg + O, > MgO 


| nesium ribbon in oxygen is a little more complicated. 
| 
| 


ONE ATOM 
MAGNESIUM 


+ @ - 


sn ee 


ONE MOLECULE 
MAGNESIUM OXIDE 


but it is found that there is an extra oxygen atom on the 
left-hand side. This can be used up by doubling the yield 
of magnesium oxide: 

Mg + O, > 2 MgO 


There is now a deficiency of magnesium on the left-hand 
side, which is easily put right by doubling the number of 
magnesium atoms. The equation now balances: 

2Mg + O,=2MgO 
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MOLEC 
OXYGEN’ TWO MOLECULES 
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When hydrogen sulphide gas burns in air, 


all the reactants and reaction products, ONE MOLECULE 
thus: HYDROGEN SULPHIDE 


H,S + O, — H,O + SO, 
This does not balance because there is a oO 
deficiency of one atom (half a molecule) of a 
oxygen, so the equation could be made to 
balance by introducing } O,: 


water and sulphur dioxide are formed. As 
before, the equation for the reaction is Ofgpo + — o@o Ss @_0 
built up by writing down the formulae of 


aaa ene ONE i ONE MOLECULE 
WATER SULPHUR DIOXIDE 


3 ‘S 
Hesa—noise | ee  e@@e 
However, it is required that all the multi- 


pliers are whole numbers (because halves TWO MOLECULES 
of molecules do not exist), and this con- HYDROGEN SULPHIDE 
dition is satisfied if all terms are doubled: 


Mae waa toaraeees TWO MOLECULES 
SULPHUR DIOXIDE 


| 
oe 30 
| 


2H,S + 30, = 2H,O + 2S0, wo 
If dry ammonia is passed over heated oh + O@e + 
cupric oxide, the ammonia is oxidized to  ) 


water and nitrogen while the cupric oxide 
i i ONE MOLECULE 

is reduced to copper. The equation for this ri pg te 

reaction has to be balanced up by stages. 

The basic statement may be written: 


CuO + NH, -—- Cu+ H,O0 + N, 
but there must be two molecules of 
ammonia to yield one molecule of nitrogen: 


give rise to three molecules of water, pro- 
vided there is sufficient oxygen available 
from the cupric oxide: 


3CuO + 2NH, = 3Cu + 3H,O + N, 


CuO + 2NH, > Cu + H,O +N, " y 2 @ 
However, two molecules of ammonia will + — 4+ o@eo 4 Q 


THREE MOLECULES 
CUPRIC OXIDE 


Reactants are ALWAYS on the Left 


In contrast with mathematical equations, the position of the | 
formulae in chemical equations is most important. The reactants | 


are always shown on the left-hand side, with the products on the 
right. Thus the decomposition of ammonium nitrate to give 
nitrous oxide and water is always shown with the ammonium 
nitrate on the left and the products on the right: 


NH,NO, = N,O + 2H,O 


202 + 
o@° 


ONE MOLECULE ONE MOLECULE TWO MOLECULES 
WATER 


AMMONIUM NITRATE NITROUS OXIDE 
and never with the products on the left: 
N,O + 2H,O = NH,NO, 


ONE TWO ONE 
MOLECULE MOLECULES MOLECULE 
NITROUS WATER AMMONIUM 
OXIDE NITRATE 


bal dao ONE ATOM MOLECULE ONE 
COPPER WATER MOLECULE 


NITROGEN 
a. 


VU 


ONE 
MOLECULE 
THREE NITROGEN 


TWO 
MOLECULES THREE ATOMS MOLECULES 
AMMONIA COPPER 


What Equations do NOT Tell 


Useful as equations are for expressing concisely what happens 
in chemical reactions, the equations do not give all the reaction — 
details. The main function of an equation is to show the reactants 
and products, and the relative proportions (by weight) of the 
varies substances concerned. 


The following additional information about reactions is not 
usually indicated by the equations. 


(a) Some reactions proceed satisfactorily in the cold, while 
others will only take place if the reactants are heated, sometimes 
to a very high temperature. Furthermore some reactions, even 
those which take place in the cold, give out a lot of heat. But 
vital as such data may be in carrying out a reaction, it is rarely 
dngived in the equations. 


@) The physical state (solid, liquid, or gas) of the reactants 
and more particularly the products is not shown in the equation. 
For instance, a reaction may yield water but it may not be 
immediately obvious whether the water is formed as liquid or 
vapour (steam) though this information may be deduced from 
other factors such as, does the reaction take place in the cold 
or has heat to be supplied? 


(c) Equations for reactions which take place in solution (either 
in water or an organic solvent) do not include the solvent, unless 
the solvent actually takes part in the reaction. However, such 
reactions will not normally occur without the use of the solvent. 
In such reactions the solvent may almost be regarded as a catalyst. 


(d) Although many reactions occur immediately the reactants 
come together, others, notably reversible reactions, take some 
time to go to completion or to reach the equilibrium condition. 
This is one more piece of information which is not included 
with the equation. 
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Catalytic Reactions 


In the Contact Process for the manufac- 
ture of sulphuric acid, sulphur dioxide 
is oxidized to sulphur trioxide by pass- 
ing it over a catalyst—finely divided 
platinum. Methyl alcohol can be synthe- 
sized from carbon monoxide and hydro- 
gen in the presence of zinc oxide which 


acts as a catalyst. But essential as they ‘wo meekccne: 


SULPHUR DIOXIDE 


ONE MOLECULE 
CARBON MONOXIDE 


are in bringing about these reactions, 
the catalysts are not included in the 
equations because they do not undergo 


permanent chemical change. 


Reversible Reactions 


In writing equations for reversible reactions, the fact that the 
reaction can proceed in two directions is indicated by adding 
arrow-heads to the equals sign or by using a pair of arrows 
(=). The convention of putting the reactants on the left is still 
observed, so that the synthesis of ammonia from nitrogen and 
hydrogen is shown thus: 


N, + 3H, = 2NH, 


" ~~ 
NE ASL 

MOLECULE THREE MOLECULES Two MOLECULES 
NITROGEN HYDROGEN AMMO 


while the decomposition of ammonia at a hot surface is depicted 
in the reverse order since the starting material is ammonia: 


2NH, — N, + 3H, 


@. w : 
J 


— 
— 
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THREE 
MOLECULES 
HYDROGEN 


TWO ONE 
MOLECULES MOLECULE 
AMMONIA NITROGEN 


Likewise the hydrolysis in solution of the salt of a weak base, 
like ammonia, is written in a similar manner, with arrows 
replacing the equals sign: 


NH,Cl + H,O = HCI + NH,OH 


AMMONIUM CHLORIDE 


Dp + 


ee AMMONIUM 


HYDROXIDE 
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280, + 0, = 250, 


“4 


ONE 
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OXYGEN 
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TWO MOLECULES 
HYDROGEN 


OO 
2H, = CH;.OH 


ONE MOLECULE 
METHYL ALCOHOL 


Mass Balance 


Once the equation for the formation of a substance from certain 
reactants is known, it is possible to calculate the theoretical yield 
(i.e. assuming no wastage by side reactions, etc.). Thus silver 
bromide — the light-sensitive component for photographic plates 
and films—is prepared by the double decomposition reaction 
between silver nitrate and potassium bromide: 


AgNO, + KBr = AgBr + KNO, 


ONE MOLECULE 
SILVER NITRATE 


ONE MOLECULE 
POTASSIUM BROMIDE 


ONE MOLECULE ONE MOLECULE 
SILVER BROMIDE POTASSIUM NITRATE 


To calculate the quantity of reactants needed to yield one 

kilogram of silver bromide it is first necessary to work out the 

molecular weights of the reactants and products by summing the 

atomic weights of the various elements. 

Atomic weights: Ag = 108; Br = 80; K = 39; N = 14; O = 16. 
Silver Nitrate | Potassium Bromide Silver Bromide 


silver ... 108 potassium... 39 silver ... 108 
nitrogen ... 14 bromine 80 bromine... 80 
oxygen x3 48 


mol. wt. 170 mol. wt. 119 mol. wt. 188 


Thus one gram molecule of silver bromide (188 gm) is obtained 
from one gram molecule of silver nitrate (170 gm) and one gram 
molecule of potassium bromide (119 gm). Hence, by simple 
proportion, 1000 gm of silver bromide is obtained from 


188 * 1000 = 904 gm silver nitrate and 


119 


Tea * 1000 = 633 gm potassium bromide. 
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Many single-celled animals have a 
morecomplicated structurethan Amoeba. 
Some have a mouth and a gullet, whip- 
like hairs which they beat in order to 
move about, and others have elaborate — 
skeletons made of chalky or sandy 
materials. 


Some animals are single-celled. All the 
processes that are fundamental to life, 
such as feeding and breathing, are coped 
with by the one cell. 


OXYGEN IN~ @n 


ee Sponges are simple many-celled animals. They are made up of a) 
<a loose collection of cells. The body’s functions are carried out by 
(| individual cells in a relatively unco-ordinated way. There is no 


ray mouth or gut and no organ systems. The majority are branching 
4 and plant-like and the walls are perforated by many small openings. 
Water enters through some of these and leaves through others. 
The cells that create the water current take in food particles 
and digest them. 


Uy SOME 
¥ COLONIAL SPONGES 


; Most sponges have a skeleton made up of needle-like spicules, or 
4 horny fibres or both. A few occur singly but most are colonial. 


There is a simple nervous system giving a certain degree of 
co-ordination between different parts. Some of the cells of the 
inner layer are specialised for digesting food materials. In the 
outer layer there are specialised food-catching structures 


(nematocysts). 
WAST FOOD-CATCHING 
FOOD AND OUT _¢™ STRUCTURES 
OXYGEN IN Pies 


Coelenterates (e.g. jellyfish, hydroids) are many-celled animals 

whose body wall is two-layered (with an intervening layer of 

jelly) and surrounds a hollow cavity into which the mouth opens. 
SEA 
PEN 


Some live as single individuals (e.g. sea 
anemones), while others (e.g. most 
corals) are colonial. 


MUSCLE BAND 


FOOD-CATCHING IN PARTITION 


£Y&\ STRUCTURE 
(ER\ ENLARGED VERTICAL 


NS PARTITION 


FOOD- 
CATCHING 
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OXYGEN (Physalia) 
Pa 3 —. DIGESTIVE Many coelenterates have a more com- 
INNER LAYER _ Plicated structure than that of Hydra. In many colonial coelenterates certain of 
Sea anemones, for example, have the the ‘individuals’ (polyps) serve different 
body cavity divided up by vertical parti- functions. Some catch food and pass it to 
tions. Special bands of muscle enable another to be digested while others are 
ELLY, oe them to contract rapidly. reproductive. 
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FLATWORM 
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Animals such as flatworms have a three- 
layered body wall but it is solid tissue - 
there is no body cavity or coelom as in 
earthworms, for example. But flatworms 
have elaborate organ systems compared 
with coelenterates though the gut is still 
a hollow tube with only one opening to 
the outside. Parasitic forms like tape- 
worms absorb food from their surround- 
ings — they have no gut. 


BODY IN SECTION 


EXCRETORY 
ORGAN 


BODY WALL 
é, COELOM 
; ba) ? di } 


EARTHWOR TUBEWORM 


M 
(THE BLOOD SYSTEM IS 
SIMPLIFIED) 


Earthworms and other annelids have a 
three-layered body wall but between it 
and the gut there is a cavity or coelom 
which contains the ‘kidneys’ and repro- 
ductive organs. The gut runs the entire 
length of the body and has a mouth at the 
front and a rear opening, the anus. The 
body is divided into segments which are 
separated from each other by a partition. 
Most of the segments are identical in 
structure. The blood system is well 
developed and the double nerve-cord 
runs the length of the worm below the 
gut. There are pairs of nerve swellings 
(ganglia) on the cord in each segment. 
Worms such as the earthworm have no 
hard skeleton but others build them- 
selves protective tubes. Many of these 
have elaborate fans of tentacles with 
which to catch food. 
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Molluscs (e.g. snails) have a soft un- 
segmented body with a three-layered 
wall. The body cavity is small. They 
usually have a shell of lime salts which 
may be external (as in snails, clams, etc.) 
or internal as in slugs, cuttlefish, etc. It 
may be ‘one-piece’ (e.g. snails) or in two 
pieces (e.g. clams). The lower side of the 
body forms a muscular foot used for 
moving about and they usually breathe 
by means of gills. These are also used by 
bivalves to collect minute particles of 
food. 


CUTTLEFISH 


Squids, octopuses and the like are more 
active than other molluscs. They have 
large eyes and a well-developed nervous 
system. 


UTICLE GENERALISED ARTHROPOD 


Many invertebrates (arthropods) have 
a hard outer skeleton (exo-skeleton) 
which is jointed and made of a horny 
substance, chitin, which may be impreg- 
nated with lime salts (as in crabs, for 
example). The nervous system consists 
of a brain (head ganglia) and a double 
nerve cord beneath the gut. The body 
is segmented and many of the segments 
bear paired limbs. The body cavity is 
reduced in the adult but there is a large 
blood space in which the blood is 
circulated. 
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Some insects are wingless. Of these, 
fleas and lice, for example, are specially 
adapted as parasites. 
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There is a great variation in the mouth- 
parts. Wasps have biting mouthparts, 
many bugs have them adapted for 
piercing plants and animals and sucking 
the juices. Butterflies have long tubular 
mouthparts for feeding at flowers. The 
housefly has a large pad through which 
it sucks up dissolved food. 
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= Insects are arthropods whose body consists of three main regions, head, thorax and 
Fa ED | abdomen. The thorax usually bears wings and three pairs of walking legs. The head bears 
Be Be PaaGE a single pair of feelers (antennae) and jointed mouth parts used in food collection and in 


some forms for defence. They have a special system of breathing tubes or trachea. 
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WATER FLEA COPEPOD = WOOD LOUSE CRAB SHRIMP LOBSTER 
Many arthropods have a hard crusty covering (Crustaceans such 
as crabs and pee -the skeleton is impregnated with lime 
salts- which often forms a breastplate or carapace. Crabs, 
lobsters, prawns and shrimps have the segments of the thorax 
| fused with the head and carapace forming the cephalothorax. 
Most crustaceans live in water and breathe by means of gills. 


SHELL—consisting 
of the fleshy 
carapace which is 
strengthened by chalky 
lates 


Arachnids (spiders, scorpions, mites, 
ticks and king crabs) are arthropods in 
which the body is divided into two 
regions—a front prosoma and a rear 
opisthosoma. The latter may be divided 
into two. Adult spiders, mites and 
scorpions have four pairs of walking legs. 


CENTIPEDE 
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Myriapods (centipedes and millipedes) 
have many similar leg-bearing segments 
and atracheal system. The head is a well- 
defined region. Centipedes have one 
pair of legs per segment, and millipedes 
two pairs per segment. 


 Barnacles are crustaceans that live fixed 
to the sea bottom or to marine piles and 
the like-the carapace surrounds the 
trunk. 
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[Optics] 


Doppler Effect—the Red Shift 


IGHT waves are altered if either 
the source emitting them or the 
observer is moving. This is one of the 
many unusual effects which happen 
because light is a kind of wave 
motion, and it is known as the 
Déppler effect. 
The same effect is easily noticeable 
with sound waves when produced. To 


RED SHIFT- WAVES ARE STRETCHED OUT 


BLUE SHIFT- WAVES ARE COMPRESSED 


an observer the _ frequency is 
decreased, and the light appears 
redder. 

Changes in light frequency can be 
observed only by examining the light 
with a spectroscope, an instrument 
which splits it up, using either a 
prism or a diffraction grating (des- 
cribed on page 746), into its different 


“STAR MOVING AWAY 
FROM EARTH 


STAR MOVING TOWARDS 
EARTH 


The ‘red shift’ in light from a distant star is thought to be due to the Doppler effect. 


If the star is moving away from the Earth, its light waves are ‘stretched out’. 


Their 


apparent wavelength is longer (and of course their frequency is lower). Hence the light 
appears redder. If the star moves towards the Earth, light waves are ‘compressed’ and 


appear bluer. 


a listener by the side of a race-track, 
the sound of a car changes as it 
flashes past. When the car is moving 
away from him, the pitch, or /fre- 
quency of the sound it makes appears 
to be lower than when it was 
approaching him. The frequency of 
the sound is the number of waves 
emitted in one second. As the car 
approaches, this number of waves is 
‘compressed’ into a shorter distance: 
more waves reach the ear of the 
listener each second, and he hears a 
sound of higher frequency. As the car 
moves away, the sound waves are 
‘stretched out’ and their frequency 
appears to be lower. 

With sound waves, the Déppler 
effect brings about a change in 
frequency. The same happens with 
light waves, but the frequency change 
means a change in colour. Light of 
high frequency (and short wave- 
length) gives the colour sensation we 
know as blue, while light of low 
frequency (and long wavelength) 
appears to us as red. When a source 
of light is moving towards an observer, 
the increase in frequency means that 
the observer sees a slightly bluer 
light: when it is moving away from 
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colours. A narrow slit of light is 
allowed to pass through the instru- 
ment, and the images of this slit are 
focused as ‘spectral lines’ on a screen. 
If the light from a sodium lamp is 
examined in this way, its spectrum is 
seen to consist of two bright yellow 
lines close to each other. If the sodium 
lamp were moving fast enough away 
from the observer, the yellow lines 
would be shifted slightly towards the 
red end of the spectrum, and the 
colour would become more orange. 


oe 
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If, on the other hand, it were moving 
towards the observer, the lines would 
move towards the blue end of the 
spectrum, and so would be tinged 
with green. 

This red shift or blue shift is observ- 
able only if the source of light is moving 
at a speed whichis an appreciable frac- 
tion of the speed of light— 186,000 miles 
per second. It was first noted in the 
spectra of light reaching the Earth from 
distant stars and galaxies. The kind of 
light emitted by stars and other very 
hot bodies does not consist of light of 
definite frequencies, as does sodium 
light, but consists of a continuous 
range of frequencies. However, in 
passing through the outer, cooler 
layers of the star’s atmosphere, some 
of the light is absorbed. Certain 
elements present in the star’s atmos- 
phere have the property of absorbing 
certain frequencies of light. So these 
frequencies are missing from the light 
reaching the Earth. A careful exami- 
nation of the spectra of stars shows 
that the continuous spectrum (from 
violet to red) is crossed by a number 
of dark lines, called Fraunhofer lines. 
The lines can be identified with the 
same lines produced under similar 
conditions on Earth. (Since each line 
corresponds to an element, an exami- 
nation of the spectrum _ tells 
astronomers which elements are pre- 
sent in the atmosphere of the star.) 

But dark lines in the spectra from 


ABOVE: AMOUNT OF RED SHIFT IMPLIES THAT NEBULA IS MOVING AT 750 MILES PER SECOND 
BELOW: BIGGER RED SHIFT. NEBULA IS MOVING AT 9,300 MILES PER SECOND 


NEBULA IN URSA 


ent. YEARS AWAY 


Two prominent dark lines crossing the spectra from distant galaxies show that calcium in 
the star’s atmosphere has absorbed certain frequencies. These lines are ‘shifted’ towards 
the red end of the spectrum. This red shift can be interpreted as a Doppler Shift and that 


very distant stars and galaxies show 
a pronounced shift towards the red 
end of the spectrum. The most 
prominent dark lines are those due 
to the element calcium. On the 
Earth (2.e. when there is no movement 
between source and observer) these 
lines can be seen only faintly in the 
far violet end of the spectrum. In 
some very distant stars examined by 


this method, these lines have shifted 
half-way across the visible spectrum 
into the green. All stars and galaxies 
of stars show, to some degree, this red 
shift. It can be interpreted as meaning 
that they are all actually receding 
away from the Earth, and the more 
distant the galaxy, the more quickly 
it appears to be receding. In fact, 
there is a very definite relationship 
between the distance of the star (as 
checked by other astronomical 
methods) and the speed of recession, 
as measured by the red shift. In most 
cases the red shift is the only method 
of calculating how far the galaxy is 
away from the Earth. 

Appreciable red shifts and blue 
shifts are found in the light from 
nearer stars. Over 50% of all the stars 
in the sky do not occur singly like 
the Sun, but in pairs (binary stars), or 
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1,200,000,000 
LIGHT YEARS 
AWAY 


the galaxies must be receding from the Earth at fantastic speeds. The more distant the 


galaxy, the bigger the red shift. 


ABOVE: THE NEBULA SHOULD BE MOVING AT 24,000 MILES PER SECOND 
BELOW : THE NEBULA IS MOVING AT ABOUT 38,000 MILES PER SECOND 
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SINGLE BLOBS 


o—_ 


RED SHIFT 


Se ADVANCING STAR 


RECEDING STAR 


Light from what appears to be a single star contains two definite sets of spectral lines. 
So there must be two stars, revolving around each other. 


LIGHT FROM 
STAR 


Light from the star of a distant 
galaxy is passed through a spectro- 
scope, and spread out into its 
different colours. This produces 
spectra like those in the diagrams. 
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in even larger groupings. Often binary 
stars are so close together that, even 
through the largest telescope, they 
appear as a single blob. Their binary 
nature can be deduced, spectros- 
copically, using the Doppler effect. 


Binary stars revolve around each 
other at fantastic speeds. At any 
instant, one may be moving towards 
the earth, while the other moves 
away. Light coming from the star 
moving towards the Earth shows a 
blue shift, whereas light from the 
other is shifted to the red. The 
spectrum of what appears to be a 
single source of light contains two 
definite sets of dark lines, one due to 
each star. From this Déppler shift, 
astronomers can glean information 
not only about the speeds of the 
stars, but also about their masses. 

There is a similar red and blue 
shift in sunlight. As the Sun rotates 
on its axis, part of it is moving 
towards the Earth, and part away. 
The dark Fraunhofer lines in the 
spectrum from the receding edge of 
the Sun’s disc show a small, but 
detectable difference from those on 
the advancing side. 
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GENETICS 


The Reproduction of the Cell 


CENTROSOME 


NUCLEAR MEMBRANE 


RESTING NUCLEUS 


HE plant or animal body is made up of millions of 
cells, each finely constructed for a particular purpose. 
One may well ask what controls the structure of the cell; 
what ensures that each muscle fibre or plant cell is just 
like its neighbour. 

We know that each cell in the body contains in its 
nucleus a fixed number of chromosomes and that each 
chromosome contains numerous genes. These are the 
units which control the characters of the body and the 
individual cells. Obviously, if each cell is to have the same 
complement of genes, there must be some arrangement 
whereby, when a cell divides into two daughter cells, 
the genetic material must be equally reproduced in each 
new cell. This arrangement exists in almost all living 
cells and is called Mitosis (My-toe-sis). 

For ease of description the process is divided into a 
number of stages although of course it is really continuous. 
A very generalised account will be given here to cover 
the visible changes and their significance in the process 
of cell division. 

When the cell is not in the process of dividing the 
chromosomes in its nucleus are not clearly visible. The 
nucleus is said to be resting although many chemical 
processes in the cell are continuing all the time. 

The length of time required for Mitosis varies from 
species to species but an average of six to twenty-four 
hours is a reasonable figure. 


Prophase (First Stage) yds 
This is the first recognisable stage of Mitosis the area of the chromosomes. It is normally HALE OF 
and is heralded by the splitting of the | composed ofa number of fine strands which 
centrosome. The chromosomes show up as __ radiate from each pole of the nucleus. The 
dark threads and are able to take up stains. _—_ strands are formed by a partial solidification eens 
This shows that there has been’ a chemical _ of the nuclear sap and normally correspond 
change in the chromosomes involving in number with the chromosomes. - 
removal of water and addition of nucleo- , ~~ 
proteins. The nucleolus disappears by this 
time — probably having provided nucleic NU GIEMERANE ~» 


acid for the chromosomes. Each of the latter 
consists of two identical threads (chroma- 
tids), which lie closely together. They are 
joined at one point — the centromere - which 
is a clear region of the chromosome. Its 
position is constant for each type of 
chromosome but varies between the ones 
in each cell. The chromatids shorten and 
thicken during prophase by becoming 
coiled. While these chromosome changes 
are taking place the two parts of the 
centrosome move to opposite ends (poles) 
of the nucleus and the nuclear membrane 
breaks down. (In many Protozoa, however, 
the membrane remains.) A new structure — 
the spindle - appears at about this time in 


THE CENTROMERES ARE JUST REGIONS 
OF THE CHROMOSOME BUT FOR CONVENIENCE 
ARE SHOWN AS WHITE STRUCTURES 
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" Telophase Beets ees 
_ When the growth of the spindle is 


§ complete the p 
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alar ends of the spindle 
__ develops around each group of dau; sg 
ies of the 


hromosomes. The main body of the 
_ spindle may persist for some time. The 
mitochondria (cell particles), which dur- 
_ ing the process so far have surrounded 
the spindle, move to the region of the 
_ two new nuclei. During Telophase the 
__ new chromosomes uncoil — thus appear- 
ing longer and narrower -and, by 
_ gaining water, they lose much of their 
__ visibility. We have seen that at Prophase 
_ (the first stage) the chromosomes appear 
_as double threads and that these separate 
at Anaphase. Obviously at some time 
_ between Anaphase and the Prophase of 
the next division the new chromosones 
must divide along their length and 

produce two identical chromatids. This 

involves production of additional nucleo- 
protein material. The division may occur 
_ during late Anaphase, Telophase, or the 
resting period but recent work suggests 
_ that it may already have occurred at 
early Anaphase. 
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Reduction of the Chromosome 
Number 


The reproductive process in most 
plants and animals involves the 
joining of nuclei from the two parents. 
If each parent nucleus had a pair of 
each type of chromosome, the off- 
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The two halves of the divided cen- 
tromeres appear to repel one another 
and move along the spindle towards the 
poles. The two chromatids (half-chromo- 
somes) therefore draw apart in the 
region of the centromere. When the 
centromeres are a little more than half 


CELL 
MEMBRANE 


spring’s nuclei would have two pairs 
and so on. This state of affairs would 
soon become impossible and there is 
a special arrangement in almost all 
organisms whereby the chromosome 
number is halved at some stage of the 
reproductive process. This arrange- 
ment is called Meiosis (My-oh-sis). 


way along the spindle (which means that 
the smaller chromatids may be com- 
pletely separated) the central region of 


- the spindle elongates rapidly and the rest 


of the chromatids separate. There are 
now, in the late stages of Anaphase, two 
distinct groups of chromosomes. 


When the nuclear membrane is formed 
during Telophase the cell as a whole begins 
to divide. The process varies between tissues 
and species. The most usual method is that 
whereby the cell membrane is constricted 
around the centre. The constriction increases 
until the membrane meets in the middle thus 
producing two smaller daughter cells each 
with a packet of cytoplasm. A more frequent 
method in plant cells is the production of a 
row of vacuoles across the middle. The 
vacuoles increase in size until they join up - 


leaving two separate cells. 


The normal body cells contain two of 
each type of chromosome — the diploid 
condition. The sex cells are formed 
from these by Meiotic division and 
each then contains one set of chromo- 
somes (the haploid condition). Like 
Mitosis, Meiosis can be divided into 
several stages. 
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Prophase (First Stage) of Meiosis 


This is a fairly long stage during which the preparations are made 
for the division. Prophase itself is subdivided into five stages. The 
first (Leptotene) sees the appearance of the chromosomes as in 
mitosis but here they are not divided lengthways into chromatids. 
They are granular in appearance (like a strip of beads) because of 
numerous unstained patches. Each pair of chromosomes comes 
together forming bivalents and the nucleus is said to be in Zygotene. 
At the end of this stage the chromosomes are tightly paired along 
their whole length. They are shorter and thicker than at leptotene. 
The next stage - Pachytene —is characterised by a coiling of the 


chromosomes around each other and their lengthwise division 
into chromatids. As soon as this has occurred the two chromosomes 
begin to separate but they remain attached at one or more points 
known as chiasmata (ky-as-ma-ta). Breakage and recombination 
(crossing oer) of the chromosomes often occurs at these points. 
The stage of separation is called Diplotene and is followed by 
Diakinesis. The centromeres of the bivalents have separated and 
the nuclear membrane has disappeared. By now the centrosome 
has divided too. A spindle forms and the bivalents arrange them- 
selves around it. The nucleus then enters Metaphase. 
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Metaphase (Middle Stage) 


The centromeres of the chromosomes are associated with the spindle 


LATE 
fibres and are centrally placed on the spindle. beanies 


Anaphase 


The chromosomes draw apart and become separated as in mitosis 
but each group now has only half the original number of chromosomes. 

The second division of meiosis normally occurs immediately in each 
new group of chromosomes. This is just like an ordinary mitotic 
division except that as the chromosomes are already visible as double 
structures there is no distinct prophase. The result of Meiosis is thus 
four haploid sex cells or gametes. The separation of chromosomes 
during the formation of gametes and their joining together at 
fertilisation means that new combinations are always being formed 
—an important factor in evolution. Breakage and crossing over of 
the chromosomes further increases this variation and may produce 
totally unexpected combinations of characters. 
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HE current flowing in a circuit depends upon the 
voltage applied to the circuit (by a battery or by 

he mains supply) and upon the resistance which the circuit 

fers to the passage of electrons through it. Current, 

voltage and resistance are related by three equations 

hich are commonly referred to as Ohm’s Law:— 

m V Vv 

an Ve lek 5 = I 
where I stands for current in amps, V stands for voltage 
and R stands for resistance in ohms. 

A lamp whose filament has a resistance of 6 ohms is 
connected to a 12 volt battery. What current flows? 
The equation I=, gives the result immediately since 

_ 12 volts 
' 6 ohms 
to the circuit so that the current has to flow through both 
of them in turn, what current flows? The voltage of 
the battery cannot change so V=12. But the resistance 
has been doubled. The two separate lamps, wired in 
ies, as this method of connection is called, are equivalent 
to a single lamp with a double- -length filament. So 
‘ohms. Putting these values in the equation 
Y ves [= 12 volts 

RS * 12 ohms 
current has been halved and as a result the lamps only 
glow dimly. 

The same pair of lamps can be wired in BD i. 
side by side so that the current is divided between them, 
part of the current going through the first lamp and the 
remainder going through the other. With this system of 
Wiring it is found that both lamps glow as brightly as 
the single lamp in the first experiment. The current 
flowing through the single lamp in the first experiment 
was 2 amps, so the current flowing through each of the two 
lamps wired in parallel is also 2 amps. The fotal current 
supplied by the 12 volt battery is therefore 4 amps. Put- 


=2 amps. If an exactly similar lamp is added 


= 1 amp. In other words the 


; : ; ae 
ting these values in the equation R = 7 indicates that 


the total resistance of the circuit i 


It may seem surprising that two lamps together can 
have a smaller resistance than a single lamp. But the 
two lamps in parallel are equivalent to a single lamp 
with a double-thickness filament, and the thicker the 
filament the less the resistance, for a current passes more 
easily through a thick wire than a thin one. 

The ‘otal resistance of a number of lamps or other 
components wired in §é/#éSis found by adding together 
the resistances of the separate components. If the resis- 
tances of the various components wired in series are 
t, f,, r; etc. then the total resistance, R, is given by the 
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SERIES CONNECTION 
TOTAL RES. = 12 OHMS 


PARALLEL CONNECTION 
TOTAL RES. = 3 OHMS 


formula :— = a ae 


The effective resistance of a number of components 
wired in is found by using the formula:— 


Where R is the effective resistance of the whole circuit, 
and r,, m, r; etc. are the resistances of the separate 
components. 

In the experiment mentioned earlier where two lamps 
were wired in parallel the separate resistances r, and r, 
were each 6 ohms. Putting these values into the formula 
for resistances in parallel gives: 

i I a ee See 
Ron 6°66 


So a ae ; and therefore R=3 ohms. The effective resistance 


of the two lamps is 3 ohms—the same result as that 
indicated by the experiment. 

Electric lamps are nearly always wired in parallel for 
two reasons. First, each lamp can be provided with a 
switch of its own so that it can be switched on or off 
without affecting the other lamps. In the case of a series 
circuit, if one lamp breaks or is switched off the whole 
circuit is broken and all the lamps go out. Second, lamps 
wired in parallel have a smaller total of effective resis- 
tance than the same number of lamps wired in series. 
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Total current in paw’ circuit equals sum of currents flowing 
V 


r : : : 
where R is combined resistance of lamps. 
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When components are wired in parallel the same voltage is applied 
to each of them. In a simple circuit consisting of several lamps 
wired in parallel and a battery to drive current through them, each 
lamp is directly linked to the battery terminals. If a 12 volt battery 
is used then the voltage across each lamp, no matter what its 
resistance, is plainly 12 volts. The current flowing through each 
lamp will depend upon its resistance, and the current will divide 
equally only if all the lamps have identical resistances. 


Suppose that a circuit consists simply of a 12 volt battery and 
three lamps of resistance 8 ohms, 12 ohms and 24 ohms wired in 
parallel. The current flowing through the 8 ohms lamp _ is 
pee. amps (since | = : from Ohm’s law). The current 
8 ohms 
12 


12 


a 


flowing through the 12 ohms lamp is 12 volts 


IZ ohms = 12 2™PS and the 


Combined resistance of all these appliances connected in parallel is 
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Hence the total current supplied by the battery i is 


current flowing through the 24 ohms lamp is 


ioe 
ptt 
The effective resistance (R ohms) of the three male is the resistance 
of the single lamp which would draw the same current from the 
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R indicates that the current 


battery. The Ohm’s law equation | = 


12 
RR From 


the meaning of the term effective resistance this current is the same 
as the total current supplied to the three separate lamps. Hence 
I2p62 22 


RR 8 


drawn from a 12 volt battery by a resistance of R ohms is 


ia + | Dividing both sides of the equation by 12 gives 
| 


R~e*i2'24 
This equation can be applied to any three resistances wired in 
parallel by writing their values in place of the 8, 12, and 24 used in 
this particular example. If the first resistance is r, ohms, the second 
r, ohms, and the third is r, ohms the equation becomes 


era ae 

which is the formula for finding the effective value of three resistances 
in parallel. Where there are, for example, five resistances wired in 
parallel, instead of three, the formula for finding the effective 
resistance, R, becomes 

Lore 

L- Fe. 
In just the same way the tobe can be extended to cover any 
number of resistances. 

The lamps whose resistances are 8 ohms, 12 ohms and 24 ohms 
used in the example above have an effective resistance R ohms 
given by the equation 

| | | 3 2 | 
| ol a WY ey ae SY 
= i then R = 4 ohms. 
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= 26 ohms approximately. 
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NUCLEAR PHYSICS | 


Y the end of the eighteenth cen- 

tury many facts were known about 
the way that chemical elements (the 
different components which make up 
all substances) combine. For example, 
it was known that if one gram of ele- 
ment A reacts with ten grams of ele- 
ment B, then two grams of A would 
react with twenty grams of B. This was 
explained, in 1803, by the chemist 
John Dalton, who suggested that all 
matter is composed of tiny particles, 
called atoms. In Dalton’s theory, all 
the atoms of the same elements had 
the same weight, and elements dif- 
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fered from each other because they 
were composed of atoms of different 
weights. 

From measurements of the amounts 
of different elements which took part 
in chemical reactions, it was possible 
to measure the atomic weight of these 
elements. The atomic weight of an 
element is the weight of an atom of 
the element compared with that of a 
hydrogen atom. 

In 1815, William Prout noticed that 
most atomic weights were almost ex- 
actly whole numbers, so that the 
weight of each atom was almost ex- 
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The atom consists of a positively charged nucleus surrounded by a number of negatively 
charged electrons. The nucleus consists of protons which are positively charged particles of 
mass |, and neutrons which are uncharged particles of mass |. The number of protons 
defines the atomic number, and is equal to the number of electrons in the atom. The number 
of protons plus the number of neutrons is equal to the atomic weight of the atom. 
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actly a multiple of that of a single 
hydrogen atom. For example, the 
nitrogen atom is fourteen times, and 
the oxygen atom sixteen times, as 
heavy as the hydrogen atom. This led 
him to suggest that all atoms were 
composed of hydrogen atoms. How- 
ever, when more accurate measure- 
ments of atomic weights were made, it 
was found that they were not exactly 
whole numbers. Chlorine, for example, 
was found to have an atomic weight of 
35°5. This brought about the downfall 
of Prout’s hypothesis, and it was not 
until the atomic scientists of the twen- 
tieth century made their discoveries 
about the structures of individual 
atoms that a proper explanation of the 
values of atomic weights could be 
made. 

In 1897, J. J. Thomson discovered 
the electron, and in 1g11 E. J. Ruther- 
ford discovered that the atom consists 
of a small positively charged core, call- 
ed the nucleus, surrounded by a num- 
ber of negatively charged electrons. 
The positive charge on the nucleus is 
exactly equal to the total of negative 
charges carried by the electrons. 


35-5 35-5 
35 37 
‘ 3S 35 A : 35:5 35-5 
Ordinary chlorine consists of 3 atoms of 
Cl to 1 atom of $1Cl so the measured 


atomic weight (t.e. the average atomic 
weight) = 35-5. 


817 


The number of units of positive 
charge on the nucleus of the atom is 
called the atomic number of the atom, 
and in 1913 H.G. J. Moseley found the 
atomic numbers of several elements. 

It is the number and arrangement 
of electrons in the atom which deter- 
mines its chemical behaviour. The 
atomic weights merely determine the 
amounts of each element which take 


part in a chemical reaction. 

It is therefore possible to have two 
atoms of the same element of different 
atomic weight, but which have iden- 
tical chemical properties because the 
atomic numbers (and therefore the 
numbers of electrons in the atoms) are 
the same. Such atoms are called 7so- 
topes. F. W. Aston, in 1919, using a 
mass spectrograph (which will be des- 
cribed in the next article in this series), 
was able to separate isotopes of dif- 
ferent elements. In the mass spectro- 
graph it is possible to separate atoms 


Extraction of ‘heavy’ water by electrolysis 


EVOLVED GASES 


ELECTRO- 
LYSIS 
CHAMBER 


of different atomic weights, and to 
determine how much of each isotope 
is present. 

By making such measurements, it 
has been possible to find out how 
much of each isotope exists in each ele- 
ment, and to explain the values of 
atomic weights of the elements. For 
example, chlorine has two naturally 
occurring isotopes of atomic weights 


35 and 37, and it has been found that 
there is almost three times as much 
of the lighter isotope as there is of 
the heavier one. This leads to an 
average atomic weight of 
3x 35+1x37_ 565 
a 

The atomic weights of the isotopes 
of the elements are very nearly whole 
numbers, and the reason for this be- 
came apparent when J. Chadwick, in 
1932, discovered the neutron. The 
neutron is an uncharged particle of 
mass one. It became clear that the 
atomic nucleus was composed of pro- 


_ 1H NUCLEUS *D NUC- 
LEUS 


Water consists of a mixture of the oxides of the two isotopes {H and 2D. The 2D atom 


is twice as heavy 


as the {H atom and is evolved at the cathode at a lower rate than the }H 
atom. The residue is thus enriched in 7D atoms. 


In the practical process, water containing a little caustic soda is fed into the first electro- 
lysing chamber. Most of it is here electrolysed before being passed into the second chamber. 
he gases evolved are burnt and passed back into the system two stages back to reduce 
losses of deuterium. By pumping water continuously through several stages, heavy water 


of high purity is obtained. 
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tons (particles of mass one carrying 
a single positive charge) and neutrons. 
For example, the nucleus of helium, 
which has an atomic weight of four and 
an atomic number of two, consists of 
two neutrons and two protons. The 
nucleus of the chlorine isotope atomic 
weight 35 consists of 17 protons and 18 
neutrons, whilst the chlorine isotope 
atomic weight 37 consists of 17 protons 
and 20 neutrons. The atomic number 
of both isotopes is 17. 

Whilst the chemical properties of 
each element, as determined by the 
number and arrangement in ‘shells’ of 
the electrons, are the same, the physi- 
cal properties differ. It is this differ- 
ence in physical properties which 
enables separation of the isotope to 
be carried out. For example, the most 
obvious difference between isotopes of 
an element is that of mass. This leads 
to differences in the rates of diffusion 
of the different gaseous isotopes of an 
element through a porous membrane, 
and to different rates of evaporation 
in liquid elements. Both of these pro- 
perties have been used to separate 
isotopes. 

Another example is the electrolytic 
separation of the two naturally occur- 
ring isotopes of hydrogen. Hydrogen 
consists of a mixture of two isotopes; 
the nucleus of the lighter one (atomic 
weight 1) consists of a single proton. 
The nucleus of the heavier isotope 
(atomic weight 2) consists of a neu- 
tron and a proton, and is called the 
deuteron. The atom of the heavier iso- 
tope is called deuterium and is denoted 
in chemical equations by writing a 
‘D’. Just as hydrogen forms the oxide 
H,O (‘ordinary’ water), so deuterium 
forms the oxide D,O (‘heavy’ water). 
The weight of a molecule of heavy 
water is j8+2+?—29 times as great as that 
of a molecule of ordinary water. 
The weight of the deuterium mole- 


cule, D,, is twice that of the hydrogen 
molecule H,. 

In ordinary water there are 660 
‘ordinary’ H,O molecules to every 
‘heavy’ molecule. When water con- 
taining sodium hydroxide is electro- 
lysed, oxygen is evolved at the anode 
(the positive electrode). Both hydro- 
gen and deuterium are evolved at the 
cathode (the negative electrode). Be- 
cause the deuterium molecules are 
twice as heavy as the hydrogen mole- 
cules, they are evolved at a lower 
rate than the hydrogen molecules, and 
tend to be left behind, in solution. 
Enrichment of the solution with the 


Radioactive Isotopes 


oe 


heavy isotope therefore results, but 
it is only a slight enrichment, because 
the proportion of heavy atoms present 
in the solution is small, and some of 
these atoms are evolved with the light 
ones. The process has therefore to be 
repeated many times with successive 
additions of water, followed by elec- 
trolysis, until the required concen- 
tration is obtained. To obtain 1 gram 
of 99% pure heavy water, 100,000 
gm of ordinary water has to be 
electrolysed. 

Similar difficulties are encountered 
in the other methods of separating 
isotopes. For example, in the diffusion 


Different elements have different numbers of isotopes. Whilst the chemical properties of 
isotopes of the same element are the same, the physical properties differ. In some elements 
one or more of the isotopes may be radioactive. For example, hydrogen has three isotopes 
called hydrogen, H({H), deuterium, D(?H), and tritium, T(?H). Hydrogen and deuterium 
are naturally occurring and non-radioactive, but tritium, which is artificially created when 


tH + $H — jH + 3H 


is radioactive, emitting beta particles (fast-moving electrons). 
Unlike most naturally occurring isotopes, many artificial isotopes are radioactive. For 
example, the race! emia isotopes of chlorine, Cl, #7Cl are not radioactive, but 
AT, 


accelerated deuterons collide: 


the artificial isotopes 


1, 8C1, HCl, CI, Cl, 9Cl, and “Cl, all are radioactive. 


Slightly radioactive materials are handled using remote mani- 
pulators which are operated by remotely controlled machines. 
The materials are used in cells which have protective concrete 
walls 5 ft. 6 in. thick. 


method of separation, passage through 
a plate containing tiny holes will 
separate gaseous compounds of iso- 
topes of the element uranium. In 
practice, to obtain 99% purity of the 
Usss isotope, 5,000 such plates, 
through which the gas diffuses in 
succession, would be required. 

So whilst there are many ways of 
separating isotopes, none is easy in 
practice, and it is not surprising that 
the discovery of isotopes had to wait 
for the work of the twentieth-century 
physicists and chemists. 

All the isotopes which have been 
mentioned so far occur in nature. Iso- 
topes can be created by putting ele- 
ments into a ‘nuclear pile’. Inside 
the pile the element is bombarded 
with neutrons and occasionally a neu- 
tron will enter a nucleus to form an 
artificial isotope. Many of these isotopes 
break up spontaneously, emitting 
charged particles. These are called 
radioactive isotopes, which have many 
uses including helping doctors to 
diagnose and treat certain diseases. 
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Vegetative Reproduction 


HE term ‘reproduction’, applied 

to flowering plants, normally 
brings to mind the processes of pol- 
lination and seed formation, followed 
by distribution of the seeds. How, 
then, does a thick sward develop on a 
lawn whose grass is regularly mown 
and not allowed to produce any seed? 
The answer is that new plants are pro- 
duced by vegetative reproduction. Modi- 
fied shoots grow from the pareat 
plants and produce complete new 
plants, at first attached to the parents 
but later becoming independent. 
Eventually a dense mat of grass is 
produced. 

Vegetative reproduction occurs 
throughout the Plant Kingdom. The 
essential feature is that the vegeta- 
tive organs (i.e. stems and roots) give 
rise to new plants. Asexual reproduction 
by means of spores is carried on by a 
number of lower plants. Special 
organs develop and give rise to spores 
—tiny single-celled bodies which 
develop into new plants when con- 


Carnations are propagated (increased) in the garden by pegging 
down slit shoots which then take root. The process is called layering. 


ditions are right. Spores are frequently 
protected by hard shells and can with- 
stand cold and drought. Reproduction 
by normal vegetative means, however, 
is no safeguard against bad weather. 
The simplest form of vegetative re- 
production is found in many algae 
and fungi. Such plants are made up of 
thread-like branches—Ayphae. If any 
of these hyphae are broken, both 
parts continue to live and grow as 
separate plants. Mushroom ‘spawn’ is 
of this nature. The hyphae of the 
cultivated varieties can be broken up 
and each piece will grow and produce 
fruiting bodies—the mushrooms. The 
green ‘scum’ on a pond is made up 
largely of the simple algum Spzrogyra 
which consists of numerous filaments. 
These grow in length by addition of 
new cells and frequently break. Each 
part produces a new thread and so the 
scum builds up. The simple splitting 
in two (binary fission) of single-celled 
plants such as diatoms may also be 
included under the heading of vege- 
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ative reproduction. 

Liverworts (allied to the mosses) 
often reproduce themselves by form- 
ing gemmae (pronounced: jemmy). 
These are small bodies (buds) which 
form in pits on the plant surface. They 
are normally distributed by water 
splashes or trickles, as the plants grow 
only in wet areas. The buds grow 
immediately into new plants. 

Higher _plants—especially the 
flowering ones—display a number of 
modifications for vegetative repro- 
duction. Many of them are made use 
of by gardeners as quick ways to 
raise new plants. It is quicker than 
growing from seed and also ensures 


Liverworts growing in wet places reproduce by small detachable 
buds (gemmae) formed in cup-shaped pits. 


GEMMAE-CUP 


that the new plants will have the 
same characters (e.g. flower colour) 
as the parents. This cannot be guaran- 
teed always with seed because of 
the way in which the characters are 
inherited. The least specialised 
method is that found in plants such 
as the Wild Thyme whose stems creep 
over the ground and form roots from 
some of the nodes. A large area is 


Bryophyllum, the familiar house-plant, 
produces many small plantlets on its leaves. 
They later fall off and grow into mature 
plants. 


quickly covered and numerous new 
plants are formed if the older cen- 
tral part should die away. Layering, 
the artificial pegging down of stems 
to encourage root formation, is a 
common method of increasing some 
garden plants. Strawberry runners are 
slightly more specialised creeping 
stems. They develop at a certain 
time of the year (mainly in summer) 
and grow rapidly by lengthening of 
the internodes. Roots and_ leaves 
develop at the ends (and at some of 
the other nodes), forming new plants. 
The length of the runners reduces the 
competition between the parent and 
offspring. Branches of Blackberry 


: 
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Strawberry plant with runners produced in summer. 


plants frequently take root when they 
bend over to the ground. We then 
have the strange case of prickles 
curving upwards. 

Suckers are shoots which arise 
underground and grow to the surface 
to form aerial parts. They may de- 
velop on underground stems as in 
Mint or on roots as in Roses. The 
sucker remains attached to the parent 


The Rose sucker originates from the root 
and later develops roots of its own. As 
most roses are grown on briar roots, 
the sucker will be a briar, too. 


for some time and does not contain 
much food reserve. This is in contrast 
to the rhizomes of Irises and Solomon’s 
Seal. These are underground stems 
whose food reserves enable the plant 
to persist from year to year. Many 
grasses, too, have creeping rhizomes 
which are responsible for the de- 
velopment of large clumps of grass. 
Marram grass is extensively planted 
on sand-dunes where the rhizomes 
help to bind the loose sand and pre- 
vent it from being blown away. 
Corms, bulbs and tubers (root and 
stem) are all food storage organs 
which produce new plants when sepa- 
rated. The gardener relies on these 


as a means of increasing his supply of 
flowers and vegetables. 

Leaves too may be concerned with 
vegetative reproduction. Those of 
various Begonias and African Violets 
—both common pot-plants—will take 
root and form complete plants if de- 
tached from the parent. A number 
of plants produce buds on the leaves. 
The buds may or may not develop into 


produce new pay 


small plants before dropping off to 
begin their separate existence. Buds 
which drop off the plant before open- 
ing are called bulbils. They are well 
shown in the Wild Leek, where they 
often replace flowers, and in the Coral 
Root. Pieces of stem often take root 
if removed from the plant. The prac- 
tice of taking cuttings and vine ‘eyes’ 
depends upon this. 

Although vegetative reproduction 
helps a species to colonise a given 
small area quickly, it does not help to 
extend the range of the species. Seeds 
are produced normally by most of 
these plants so that new and distant 
habitats can also be colonised. 


The Wild Thyme has creeping stems which iti root whenever 
they meet suitable sou. . 


INORGANIC CHEMISTRY | 


A PICTORIAL SUMMARY OF 


Oxygen, Hydrogen and Water 


WATER is probably the best known of 

all compounds, being in constant 
daily use. It covers almost 3 of the sur- 
face of the Earth and is found in the 
atmosphere and all foodstuffs. When a 
direct electric current is passed through 
acidified water, the water is split up into 
its component elements. Oxygen rises 
from the anode, the plate by which the 
conventional current enters the water, 
and bubbles of hydrogen rise from the 
cathode, the plate by which the current 
leaves. The reverse reaction takes place 
when a mixture of hydrogen and air 
explodes. The hydrogen combines with 
the oxygen of the air, forming water. 
Because of this relationship it is con- 
venient to make a combined study of 
oxygen, hydrogen and water. 


There is more oxygen in the Earth’s 
crust than any other element. In fact 
about half is oxygen. This is in the form 
of oxides or other oxygen-containing 
compounds. The atmosphere is a vast 
source of uncombined oxygen. It consists 
of approximately } oxygen and 
nitrogen. 
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Electrolysis splits water into one 
part by volume of oxygen, and 
two parts hydrogen. 


Laboratory Preparation 


OXYGEN 
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FORMING 


OXYGEN 


HYDROGEN 
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Oo ocr 
2H, +O, — 2H,O 


Hydrogen burns in air 
combining with its oxygen. 
Water is formed. 


Oxygen can be prepared either from an oxygen compound or by separating oxygen from 


the other gases of the atmosphere. 


POTASSIUM 
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POTASSIUM CHLORATE ‘OT, OXYGEN 


Pp SSIUM 
CHLORIDE 


2KCIO, — 2KCI + 30, 


The usual laboratory method is to 
heat potassium chlorate, which decom- 
poses, giving off oxygen. Manganese 
dioxide is added as a catalyst to speed up 
the reaction. The gas bubbles into a jar 
of water and collects there, pushing out 
the water. 
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COMPRESSOR 


OMPRESSED AIR 


| EXPANSION 
VALVE 


Industrial Preparation 


The industrial process separates the 
oxygen from the air. Air is turned into a 
liquid in a giant ‘refrigerator’. The 
oxygen is separated from the liquid air 
in a distillation column. On warming, 
the nitrogen boils away, leaving liquid 
oxygen behind. 
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This Gas is Oxygen 


Chemical Reactions 


Burning (combustion) is the most im- 
portant reaction in which oxygen takes 
part. Whether the burning object is a 
piece of rag or a strip of magnesium, the 
reaction is basically the same. Combina- 
tion with oxygen takes place. Oxides are 
formed and heat is given out. The flame 
is much brighter when the substance is 
burned in pure oxygen. 


When METALS burn, if the oxides 
formed dissolve in water, they turn red 
litmus blue. They are basic oxides. 


LITMUS 

| e SOLUTIO 
BURNING ’ TURNS 
CALCIUM i! a BLUE 


CALCIUM 
OXIDE 
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2Ca +O, —>» 2Ca0 


When NON-METALS burn, if the oxides 
formed dissolve in water, they turn blue 
litmus red. These are. acidic oxides. 


The test to prove a gas is oxygen is 
that it will relight a glowing splinter 
after the flame has been blown out. 


Physical Properties 


Air has no colour or smell, neither 
has oxygen. Oxygen is slightly heavier Litmus 
than air. (A molecule of oxygen weighs aii la arate emenee SOLUTION 
32 units compared with the lighter DIOXIDE SULPHUR RED 
nitrogen molecule which weighs only 
28 units.) Oxygen will dissolve slightly 
in water. Fish rely on dissolved oxygen 


for their ‘breathing’. 


On burning, sulphur forms an acidic 
oxide whose solution will turn blue 
litmus red. 


$+0, —> SO, 


Single Oxygen Atoms 


Single oxygen atoms only survive for a very short time before joining together in pairs. 

Unpaired oxygen, known as nascent (newly born) oxygen, is much more reactive than the 

PYOXYHYDROGEN - normal paired molecules. The single atoms can oxidize molecules of other substances by 

PEO Maee tagging on to them. The oxidation is often brought about by having the oxidizing agent 
and the compound being oxidized in solution together. 


Uses of Oxygen H,O, > H,O+0 


NASCENT 
HYDROGEN WATER 
PEROXIDE alice: 
PIGMENT + 3 — > BLEACHED PIGMENT 


The oxy-hydrogen blowpipe is used for — ~ ee ry 
obtaining temperatures of about 2,000°C. cs ‘ 


HYDRO 
The oxy-acetylene PEROXIDE 
blowpipe is used for 


cutting metals. 


The bleach, hydrogen peroxide, splits up to give water and nascent 
oxygen. The single oxygen atoms immediately tag on to the 
pigment, oxidizing it before they have a chance to pair up with 
other oxygen atoms. 
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MAGNESIUM APPARATUS FOR PREPARING OZONE 


IN THE LABORATORY 


For filling photo- 
flash bulbs. The mag- 
nesium in the bulbs 
burns in the oxygen 
with a dazzling bright 


Ozone is another source of nascent oxygen. This gas is an allotrope (different form) of 
oxygen. Each molecule consists of three atoms. It is prepared by passing an electric 
discharge through air or oxygen. Seaside smells of decaying sea-weed are not ozone. The 
nascent oxygen released by ozone turning back into oxygen can be used for killing bacteria 
or as a bleach. 


Laboratory Preparation 


Zinc frees the hydrogen locked away in dilute 
THISTLE : . : 
FUNNEL sulphuric acid. The gas is collected over water. 


Water is the world’s largest source of hydrogen. There are HYDROGEN 
several ways of extracting the hydrogen from water. Industrially, 
three methods are used. Almost pure hydrogen bubbles off the 
cathode when a weak solution of brine is electrolysed. Another 
method involves passing steam over heated iron. The iron 
becomes an oxide by removing the oxygen from the steam. The 
steam is converted to hydrogen. By the latest process, hydrogen 
is made from steam and oils or from gaseous hydrocarbons. The 
carbon in these compounds combines with the oxygen of the 
steam, forming carbon dioxide, and the hydrogen is set free. As 
acids also contain hydrogen it is more convenient to use them 
for laboratory preparations. A metal is used to set free the 


hydrogen. 


When mixed with air and a light 
applied, hydrogen explodes with a sharp 
‘pop’. If the light were applied to pure 
hydrogen, it would be extinguished. 


Physical Properties 


BALLOONS 
FILLED 


WITH 
HYDROGEN 


Hydrogen is the lightest element 
and the lightest gas. It has no colour and 
no smell. Any smell it seems to have is 
caused by impurities. It does not dissolve 
in water. 


CONVERSION 
OF OIL 

TO 
MARGARINE 


MANUFACTURE 
OF AMMONIA 


THE 
OXYHYDROGEN 
COAL GAS IS BLOWPIPE 

52% HYDROGEN 
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SULPHURIC ACID ZINC SULPHATE HYDROGEN 


Chemical Behaviour 


HYDROGEN PbO +H, -—» H,O + Pb 


BLOWN 
THROUGH - 
“SES Ge:+-¥+@ 


HYDROGEN WATER LEAD 
D MONOXIDE 


400 BEADS OF LEAD 
“@2 8” 


Hydrogen is a reducing agent. When passed over a variety of hot oxides of metals, e.g. 
lead oxide, ferric oxide or copper oxide, the hydrogen removes their oxygen and becomes 
water, leaving behind the uncombined metal. 


NO REACTION 
Zn + H,SO, —> ZnSO, + 2H 


HYDROGEN HYDROGEN 
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SULPHURIC ACID 


FERRIC 


HYDROGEN FERROUS 


REDUCED FERRIC CHLORIDE HLORIDE 
BY NASCENT CHLORIDE 
HYDROGE | re) > 

NASCENT 

HYDROGEN 


ZINC + DILUTE FeCl, + H —> HCI + FeCl, 


SULPHURIC ACID 


Nascent (single atom) hydrogen is a much stronger reducing agent than molecular 
hydrogen. When hydrogen gas is bubbled through a brown solution of ferric chloride, 
there is no action. But when nascent hydrogen is prepared in the same vessel by acidifying 
the solution and adding a piece of zinc, the brown ferric chloride is reduced to a green 
solution of ferrous chloride. 


Hydrides 


given off again when water is added. 
HYDROGEN The hydrides of non-metals. Hydrogen 
— > ss sopium Hypripe Chloride gas and hydrogen sulphide are 
covalent compounds formed by the 

sharing of electrons. 


2Na+H, — 2NaH 
Hydrides. There are three types. Re- Alloy hydrides. Some metals form these 
active metal hydrides. The hydrides of the by absorbing large quantities of hydro- 
more reactive metals, such as sodium, gen. For example, black powdered 
are formed when they are heated in palladium will absorb over 500 times its 
a stream of hydrogen. Hydrogen is own volume of hydrogen. 


Water (H,O), because of its small 
molecular weight of 18, would be ex- 
pected to be a gas. Many gases have 
much greater molecular weights. This 
indicates that water molecules form 
groups of many H,O units. This is 
probably brought about by hydrogen 
bonding. The oxygen atoms grab an 
unfair share of the electrons used in 
joining them to the hydrogen atoms. 
The oxygen atoms are slightly negatively 
charged and the deficient hydrogens 
positively charged. These charges serve 
to attract other molecules and weakly 
bind them together. Positive attracts 
negative. 

8.7 
FORCES OF 
ATTRACTION 


Physical Properties 


Water is a liquid which has no colour, 
no taste and no smell. At 4°C. | gram of 
it occupies a volume of | cc (density is 
| gm/cc). When the surrounding atmos- 
pheric pressure supports 760 mm. 
height of mercury, the boiling point is 
100°C. and the freezing point 0°C. 
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To Prove a Liquid is Water 
ANHYDROUS COPPER 
SULPHATE TURNS 
BLUE 


If a liquid turns white anhydrous 
copper sulphate blue it is water. But it 
need not be pure water. 

To test its purity, the boiling and 
freezing points of the liquid are found. 
Pure water boils at 100°C. and freezes at 
0°C., at standard atmospheric pressure. 


4 100°C 
€ 


BOILING FREEZING 
POINT P 


Solvent 


Water is the world’s best solvent. 
It will dissolve a great many things in 
considerable quantities and there are 
few substances that it will not dissolve 
in small quantities, even glass to a small 
extent. It is therefore difficult to keep 
water pure. 


Hardness 


When salts of calcium and magnesium 
are dissolved in water, they form in- 
soluble scums with soap, making the 
water hard. Temporary hardness can be 
removed by boiling. The calcium bicar- 
bonate causing it splits up and insoluble 
particles of calcium carbonate form. 
These have no effect on soap. Boiling 
will not remove permanent hardness. 
The offending calcium or magnesium 
ions are removed by putting sodium ions 
in their place. Sodium ions do not form 
scum with soap. The exchange can be 
brought about by washing soda or an 
ion exchange resin. Distillation is a more 
expensive way of softening water. 


lonization 


Water exists mainly as molecules but 
a small proportion of the molecules split 
up into hydrogen and hydroxyl ions. In 
every litre of water only ~j8. grams of 
water undergo this splitting. zon 
grams of hydrogen ions and 7. grams 
of hydroxyl ions form. The ions probably 
have water molecules loosely bound to 
them. 


— Ht+  OH™ 


C-o + 


WATER ‘HYDROGEN HYDROXYL 
ION 1ON 


Water of Crystallization 


Although they feel quite dry many 
salts have definite amounts of water 
loosely bound within their molecules. 
This water can be driven off by heating. 

Every molecule of a copper sulphate 
crystal has 5 molecules of water of 
crystallisation. 


CRYSTAL 
OF 

COPPER 

SULPHATE 


Metals and Water 


The more reactive the metal, the more 
easily it reacts with water. Hydrogen is 
given off by the reaction 


METAL +WATER=BASE+HYDROGEN 
e.g. Mg +2H,O = Mg(OH), +H, 


CHLORINE 


BECOMES 
CHLORINE 
WATER 


HYPOCHLOROUS 
WATER ACID HYDROCHLORI 


C-C+@ 


cl,+ H,O — HClO + HCl 


On the whole, non-metals do not 
react with water. Chlorine and its 
relatives (fluorine and bromine) do react, 
forming acids. 


Water 


CARBON STEAM 
MONOXIDE 


C+H,O — CO+H, 


Another exception is carbon. When 
steam is blown over white-hot coke the 
coke reduces it to hydrogen. 


Salts and Water 


Salts are made from acids and bases. 
Certain salts are partly split up by the 
action of water so that they re-form a 

ACIDIC ALKALINE 


little of the acid and base. This is called 
hydrolysis. A salt of a weak acid and a 
strong base forms an alkaline solution, 
and that of a strong acid and weak base 
an acidic solution. 

CH,COONa+H,0 =CH,;COOH + NaOH 


weak acid strong base 


| ELECTRICITY 


SMOOTHING 


RECTIFICATION of an electric 

current (see page 794) is a process 
which converts the to-and-fro surges 
of alternating current (A.C.) into one- 
way surges. It is the second stage in the 
production of a steady, direct current 
(D.C.) at a constant voltage, the type 
of current required for most kinds of 
electronic equipment. (The first stage, 
the transformer, changes the mains sup- 
ply voltage to the required voltage.) 
The third and final process is smoothing. 
In the smoothing stage the bumps in 
the rectified current are ‘ironed out’. 


A D.C. cross-Channel cable is intended 
to link the electricity supplies of England 
and France. The electricity is converted 
from A.C. to D.C. at the sending end. 
These banks of capacitors are similar to 
those used for smoothing the current. 


One way of doing this is by connec- 
ting a capacitor across the rectify- 
ing circuit. The capacitor plates 
are charged with electricity when the 


rectifier conducts. During the part. 


of the cycle when the rectifier does 
not conduct, the charge remains there, 
since it cannot flow backwards through 
the rectifier (the rectifier conducts 
electricity in one direction only). The 
charge builds up to a maximum 
after the first few cycles: the amount 
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of charge stored on its plates (and 
therefore the voltage across its plates) 
then remains steady. This capacitor, 
since it stores charge, is called a 
reservoir capacitor. 

A single capacitor would be a per- 
fect smoother, but for one very im- 
portant point. Although a steady 
voltage may be maintained between 
the two terminals of the capacitor, 
a steady current must be supplied 
from these points. The terminals 
of the reservoir capacitor are con- 
nected to the high and low voltage 
terminals of the circuit to be supplied 
with the rectified, smoothed current, 
and this circuit is called the Joad. 
While the rectifier is not conducting, 
the reservoir of charge flows away 
through the load to try and maintain 
the steady current through it. But as 
soon as charge flows away from 
the reservoir capacitor, the voltage 
across its plates drops. It does not 
drop completely, because an instant 
later the rectifier is conducting the 
next cycle, recharging the capacitor 
and pushing current through the 
load. 

The amount the voltage drops de- 
pends on the amount of charge which 
has flowed away from the capacitor 
through the load: this naturally de- 
pends on the size of the current being 
supplied to the load; and the larger 
the load current, the larger the vol- 
tage drop. 

So a single reservoir capacitor is 
not a satisfactory smoother. When- 
ever it supplies current to another 
circuit, the voltage across it falls and 
then rises again when it is recharged. 
The amount of rise and fall, called 


the ripple, is smaller than the rise and 
fall of the unsmoothed current, but it 
is still not small enough for many 
applications. Better smoothing can be _ 
achieved by including extra com- 
ponents in the smoothing circuit. 


Chokes and Capacitors 

The rectified, one-way surges of 
current are neither completely A.C. 
nor completely D.C., but a mixture 
of the two. They can be said to con- 
sist of an A.C. component and a D.C. 
component, and the purpose of the 
smoothing circuit is to filter off the 
alternating part, leaving only the 
steady part. 

Chokes (coils of wire, or induct- 
ances) and capacitors are both cap- 
able of separating A.C. from D.C. 
This is because the opposition they 
offer to the flow of an electric current 
depends on whether the current is 
steady or alternating: if it is alter- 
nating, opposition (or impedance) de- 
pends upon the frequency of the alter- 
nations. 

A choke offers little resistance to 
D.C., but a larger opposition to 
changing currents. So it tends to 
smooth any changes in current passed 
through it, and the load current is 
passed through the choke to the load, 
i.e. the choke is connected in series 
with the load. 

A capacitor smooths in the oppo- 
site way. Once its plates are fully char- 
ged, it presents a complete D.C. 


blockage. However, its impedance to 
A.C. is much smaller. Capacitors are 
connected in parallel with the load, 
so that the load current has two alter- 
native routes it may possibly take: 


either through the capacitor, or 
through the load. If the value of the 
capacitor is chosen so that it has a 
much lower impedance than the load 
tocurrent of that particular frequency, 
the alternations, taking the path 
which offers them the least opposi- 
tion, flow through the capacitor rather 
than the load. The capacitor in 
fact filters off the alternating part of 
the current. 

Smoothing circuits are often com- 
binations of chokes in series with the 
load, and capacitors in parallel with 
it The more choke-capacitor stages 
there are in the smoothing circuit, the 
more effective the smoothing action. 
A slight ripple in any circuit is un- 
avoidable. It can never be completely 
eliminated, but by using a sufficient 
number of components of the right 
sizes the ripple can be made small 
enough for any practical purpose. 

The most effective components for 
use in smoothing circuits are capaci- 
tors with large capacitances and 
chokes with large inductances. These 
are, unfortunately, the most expen- 
sive, and often in cheaper circuits are 
replaced by cheaper components. 
Large chokes, especially, are very 
heavy and very expensive. In many 
circuits their place is taken by resis- 
tors, which are much cheaper. Resis- 
tors reduce the alternations, but they 
also reduce the direct current. 


Half-wave and Full-wave 
In a half-wave rectifier only half 


the alternating current passes on to 
the smoothing stage: the frequency 
_ of the one-way surges is the same as 
| that of the mains supply—5o cycles 


per second. In a full-wave rectifier 
two rectifying units are used, con- 
nected so that all the alternating 
current, half of it reversed in direc- 
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THE VOLTAGE BUILDS UP WITH EACH PULSE 


One single capacitor smooths effectively provided no current is supplied to the load. 
After the first few surges the capacitor charges up so that the voltage across its plates 
remains, throughout the cycle, the same as the peak voltage of the rectified current. This 
capacitor is called the reservoir capacitor. 
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But if a load is connected across the reservoir capacitor, current can be discharged 
from the capacitor plates through the load. As charge flows away from the plates, the 
voltage across them drops. A large drop can be prevented by including more stages, 
called filter stages, after the reservoir capacitor. 
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FILTER STAGES 


A.C, 
INPUT | 


To get rid of the voltage drop (called a ripple) across the reservoir capacitor, extra com- 
ponents are added in filter stages. These usually consist of chokes and capacitors (see 
diagrams above). Chokes filter off the ripple when they are placed in series with the load, 
capacitors filter when they are connected in parallel. 
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The more stages there are, the more effective the filtering action, and the smoother the 
current. 


tion, passes on to the smoothing stage. 
The frequency of these pulses is 
double, i.e. 100 cycles per second. 
This full-wave current is twice as 
easy to smooth as the half-wave cur- 
rent. Its doubled frequency means 
that the choke offers twice as much 
impedance to the alternating com- 
ponent, while the capacitor filters off 
100 cycles per second twice as easily 
as 50 cycles per second. 
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[ BIOLOGY | 
Structure of Animals 


CHORDATES 


ANIMALS in the group that includes the sea squirts, acorn 

worms, lancelets, hagfishes and lampreys, fishes, amphibians, 
reptiles, birds and mammals are called chordates (the group 
name is Chordata). At some stage in their life chordates have gill 
slits, a supporting rod of elastic material, the notochord, and a 
hollow dorsal nerve cord. 


THE FEATURES OF A TYPICAL CHORDATE 
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The larva of a tunicate (sea squirt) shows clearly the basic 
chordate features, far better than the adult does. It has a hollow 
dorsal nervous system, the tail is supported by a notochord, and 
though the gut is not well developed (the larva does not feed) it 
usually has a pair of gill slits. 
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ADULT TUNICATE 

The adult tunicate has no notochord, and the central nervous 
system is a solid nerve mass or ganglion, but the pharynx has gill 
slits whose cilia beat to draw a water current carrying food 
and oxygen. There is no coelom but a body cavity of another kind 
is present. 


AMPHIOXUS SKIN 
(cutaway) 
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The lancelet (Amphioxus) displays the features of a typical 
chordate. The body is fish-shaped and flattened from side to side. 
The muscles consist of a series of blocks the fibres of which work 
to bend the body from side to side. The gut is a long tube with a 
mouth and anus and the wall of the pharynx is perforated by gill 
slits; the gills are ciliated. The cilia beat to draw a water current 
containing food into the pharynx. There is a coelom (body cavity) 
around the gut. The notochord is an elastic rod (the length of 
the body) beneath the hollow dorsal nerve cord. It stops the 
body from shortening when it bends during movement. The skin 
consists of only one layer. 
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which the body has become flattened 
dorsoventrally (i.e. from above and 
below). 
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All other chordates have a skull (cranium) and a backbone 
(vertebral column), though the latter is not always well developed 
—they are called vertebrates. The front end of the nervous system 
is enlarged to form a brain. Associated with this are the special 
sense organs—the eyes, nose and ears. The pharynx is small 
compared with that of the invertebrate chordates and the gills 
are used in respiration and not for food-collecting. The vertebrate 
blood system has a heart with at least three chambers (Amphioxus 
has no heart) and there is an internal skeleton of bone and/or 
cartilage. The skin is many-layered. 
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The simplest vertebrates (lampreys, hagfishes, etc.) have no 
jaws. The mouth is surrounded by a large, round sucker. The tail 
has a fin which extends forwards halfway along the back and the 
muscle blocks are W-shaped. The skeleton is made up of the 
notochord and cartilage. 
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The sharks, rays and skates (cartilaginous fishes) have an inter- 
nal skeleton of cartilage—bone is entirely absent. They are the 
simplest of the living vertebrates with jaws. The ‘skull’ is better 
developed than in the jawless vertebrates. In all except the king 
herrings the gill slits are visible and not covered by a gill flap or 
operculum as in bony fishes. The gills are respiratory. The skin is 
covered with horny teeth-like scales and on the jaws these are 
modified to form teeth. The dorsal lobe of the tail is larger than 
the ventral lobe. Besides the dorsal fins (typically two in number) 
there are two pairs of paired fins. Each paired fin has a supporting 
structure at the base—pectoral (shoulder) girdle and pelvic (hip) 
girdle. The notochord is reduced and largely replaced by 
vertebrae—short ribs are present in the front region. Movement 
is produced mainly by the serial contraction of the fibres of 
successive muscle blocks—arranged essentially as in simpler 
chordates. The gut is more elaborate and divided into more 
obvious regions. 
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Most fishes have an internal skeleton mainly composed of bone. JOINTED 
The bony fishes include the teleosts, lung-fishes, and several LIMB 


sturgeons (in thelatter, boneis very much reduced and the skeleton 
is almost wholly made of cartilage). In shape the typical teleost 
(e.g. salmon) is more streamlined than that of the cartilage fishes, 
being more flattened from side to side. The tail is usually sym- 
metrical. The paired fins are small and have supporting rays. 
The scales are thin and flat, not tooth-like as in sharks. The 
mouth is larger and the lower jaw more mobile than that of 
sharks. The gills are covered by a flap, the operculum, and the 
skull has a complicated structure. The jaws are made up of several 
bones. The vertebral column is better developed than in sharks 
and bears more prominent ribs. Thin protective pads (the remains 
of the notochord) occur between each vertebra. A feature not 
found in sharks is the air bladder—an air-filled sac used as a 
‘floating’ device. The brain is better developed than in sharks. 


surviving primitive forms such as the bichir, gar-pike and the 4 
STOMACH 


APODAN 


MUD EEL 


In contrast to fishes, amphibians (e.g. frogs, newts) have a 
smooth scale-less skin (except for some limbless forms). It is 
used for respiration. The paired limbs are jointed structures, and 
though the basic number of fingers is five, many amphibians have 
SURGEON EIS less than this. Living on land their body has to be supported (the 

weight of water-dwelling creatures is supported by the water) 
and the backbone acts as a girder transmitting the weight to the 
lacy four legs. When moving quickly, newts wriggle in a way which 


we resembles that of fishes, but slow movement is brought about by 
ANGLE 


the movement of the legs, the body being raised up off the 
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_ as PLAICE ground. In frogs the skeleton and musculature are specialised for 
There is a considerable range of size and form in teleosts—the jumping and swimming—the number of vertebrae is much 
varying position of the paired fins is of use in classification. reduced. Adult frogs have paired lungs. Only the tadpoles have 


gills, though some adult salamanders retain their gills. 


SCALY 


BACKBONE 


The bichir, Polypterus, is a bony fish in which the body is 
covered with thick over-lapping and diamond-shaped (rhomboid) 
scales. There are many more bones in the skull than in teleosts. 
The air sacs (lungs) are paired like those of four-limbed animals 
(e.g. mammals). (See page 562.) 
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The gar-pike is primitive in appear- 
ance—it has a thick covering of scales. 

Reptiles have a scaly skin. The forelimbs are jointed and 
typically five-fingered (though limbs are absent in snakes). They 
all breathe air by means of lungs and breed on land, laying shelled 
eggs (amphibians have to return to water to breed). The head is 
held off the ground and the neck is better developed than in 
amphibians, though the plan of the skeleton is similar to that of 
amphibians. Ribs are well developed between the shoulder and 
hip region. Reptiles have more powerful jaws than amphibians. 
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The lung-fishes have a bony internal skeleton. Modern forms 
have no vertebrae; the notochord is present as a long rod. The 
paired fins are fleshy. The lungs are divided into pouches. They 
play an important part in respiration, the blood supply to the 
gills being reduced. There are internal and external openings 
to the nostrils. (In the other bony fishes and sharks the nostrils 


are not in communicatidn with the mouth.) GREEN 
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Birds show some reptile characters in having scales on the legs, and in laying shelled eggs. 

= They have feathers and the forelimbs are modified as wings. Birds have no teeth but a 
AIR SACS horny beak. Many of the bones are hollow to reduce the bird’s weight for flying. Ribs forma 
protective cage round the heart and lungs. There is a well-developed system of air sacs 
which help provide the large quantities of oxygen needed for flying. The large flight 
muscles may account for one fifth of the total body weight and are attached to a large keeled 
breastbone. The brain is particularly well developed. 
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Mammals are the only animals that have hair. The bones and muscles of the legs carry the 
weight of the body, while the backbone is a girder between them from which the gut and 
other organs hang. The rib cage protects the lungs and heart, but an important difference 
between mammals and birds is the separation of these organs from the organs in the lower 
part of the body by a thin sheet of muscle—the diaphragm. 

The brain is better developed in mammals than in any other group, allowing for the 
variety of activities that is characteristic of them. 

Most mammals give birth to their young alive; structures occur in the female therefore 
that are not found in birds. The teeth are usually of several kinds—specialised for grinding, 
tearing flesh and so on. 
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In marsupials the young are born at a 
very early stage and suckled in a pouch. 
The latter is supported by the so-called 
epipubic bones. These are not found in 
other mammals. 

Monotremes lay eggs (in this respect 
they are like reptiles), but like other 
mammals they have hair and suckle their 
young. 
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| HEAT PHYSICS | 


Conversion 


of 


Temperature Scales 


| ALTHOUGH the centigrade (or 
_ Celsius) scale of temperature is 
now used almost universally in scien- 
tific laboratories, the other common 
scale—the Fahrenheit scale—still 
finds extensive use in engineering. For 
many years the temperatures quoted 
in weather reports for the United 
Kingdom have been in degrees Fah- 
renheit, and it was not until the 
autumn of 1962 that the Meteoro- 
logical Office made the bold step of 
changing to the centigrade scale. 
Clearly, until the centigrade scale 
is accepted universally there will be 
many situations in which it is neces- 
sary to convert temperatures from one 
scale to another. This applies particu- 
larly in using the results of laboratory 
tests for solving engineering problems. 
This conversion is readily carried out 
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Degrees of Frost 


When the air temperature as 


measured on the Fahrenheit scale falls 
below the lower fixed point (the tem- 
perature at which pure ice melts), tne 
temperature is often expressed as degrees 
of frost. Such values are obtained by 


subtracting the air temperature (in °F.) 
from 32:0°F. so that the number of 
degrees of frost is the number of 
divisions on the Fahrenheit scale by 
which the air temperature is below the 
lower fixed point. Thus 20°F. is 12° of 
frost and —6°F. is 38° of frost. So if a 
reading less than 32°F. is to be converted 
to the centigrade scale, it is most con- 
venient to first calculate how many 
degrees of frost it represents. 

—6°F. is 38° of frost, that is 38° on 
the Fahrenheit scale below the lower 
fixed point. The equivalent number of 
divisions on the centigrade scale is then 
38x8=21-1. As the temperature is 
below the lower fixed point a minus sign 
is inserted, giving the final equivalent as 
—21-1°C. 


using simple arithmetic, but when 
great accuracy is not necessary, and 
many conversions are to be made, 
there are various handy tables and 
charts available. 

All that a temperature scale does is 
to provide a means of comparing a 
particular temperature with certain 
reference points. The two most im- 
portant of these are the temperature 
at which pure ice melts (often called 
the lower fixed point) and the tem- 
perature at which pure water boils 
under the pressure of a standard 
atmosphere (the upper fixed point). 

On the centigrade scale the lower 
fixed point is given the designation 
o°C., while the upper fixed point is 
100°C. Thus on this scale there are 
100 divisions, or degrees, between the 
two fixed points. In contrast, the 
Fahrenheit scale ranges from 32°F. at 
the lower fixed point to 212°F. at the 
upper, so there are 180 degrees 
between the two fixed points on this 
scale. 

The number of divisions between 
the fixed points on these two scales 
provides the key to the conversions. 
100 centigrade divisions are equiva- 
lent to 180 Fahrenheit divisions, or 
when reduced to the simpler ratio 5 
centigrade divisions are equivalent to 
9 of the smaller Fahrenheit divisions. 
Since all conversions must be made 
against the lower fixed point as datum 
(i.e. all temperatures are measured 
relative to this level), there is a slight 
complication due to the different 
values assigned to the lower fixed 
point on the two scales. 

Thus if a temperature on the centi- 
grade scale is to be converted to the 
Fahrenheit scale, the equivalent num- 
ber of divisions on the Fahrenheit 
scale above the lower fixed point is cal- 
culated first by multiplying the centi- 
grade reading by ?. But since the 
lower fixed point has a value of 
32° on the Fahrenheit scale, 32 must 
be added to the result of the first 
calculation. 


To convert 78:-4°C. (boiling point of 
ethyl alcohol) to the equivalent Fahren- 
heit temperature: 

(a) To find number of divisions on 
Fahrenheit scale above the lower fixed 
point, multiply by 2 

=78-4 x2=141-1°F. 

(b) Thus number of divisions above zero 
. cei scale are found by adding 


= 141-1 +32-:0=173-1 
Boiling point of ethyl alcohol is 173-1°F. 


To convert 98-4°F. (normal human blood 
heat) to the equivalent centigrade temp- 
erature: 
(a) To find numbers of divisions on 
Fahrenheit scale above lower fixed 
point, subtract 32-0 

=98-4—32-0 = 66-4 
(b) Thus corresponding numbers of 
divisions on centigrade scale are found 
by multiplying by 3 

= 66-4 x 8 = 36-9°C. 
Normal human blood heat is 36-90°C. 


Conversely, if a reading in Fahren- 
heit degrees is to be converted to the 
centigrade scale, 32 must first be sub- 
tracted from the original reading. By 
this means the number of divisions by 
which the reading differs from the 
level of the lower fixed point is found, 
and it is this latter figure which is 
multiplied by 3. The result of this 
calculation gives the temperature on 
the centigrade scale. 
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WILLIAM EL HARVEY, M.D. 


URING the last decade of the 

sixteenth century and throughout 
the seventeenth century many great 
advances were made in science. The 
names of Torricelli, Gilbert, Galileo, 
Kepler, Newton and Boyle stand out, 
to name only a few. But in medicine 
one name stands supreme—that of 
William Harvey, who by his discovery 
of the circulation of the blood revo- 
lutionized medicine. 

Harvey was born in 1578 at Folke- 
stone. He was educated at Canterbury 
Grammar School and at Caius Col- 
lege, Cambridge, where he obtained 
his B.A. From there he went to Padua 
to study medicine, Fabricius being 
one of his teachers. After obtaining 
his M.D. he returned to England and 
settled in London where he practised 
as a physician. He was then ap- 
pointed physician to St. Bartholo- 
mew’s Hospital and later became 


Lumleian lecturer in Anatomy and 
Surgery. In 1618 he was appointed 
physician to James I and later to 
Charles I. 

The full results of his work on the 
circulation of the blood were not 
published until 1628 in his De Motu 
Cordis. But the notes for his first 
Lumleian lecture in 1615 show that 
he was already in favour of the view 
that blood passed from the arteries to 
the veins, that the heart was a bag 
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of muscle and that ‘the movement of 
the blood is constantly in a circle 
and is brought about by the beat of 
the heart’. He also realised that the 
valves in the veins served to prevent 
the blood flowing in the opposite 
direction. 

Up to the time of Harvey’s bril- 
liant discovery it was thought that 
the blood ebbed and flowed away 
from and towards the heart. It was not 
realised that the blood circulated 
round the body, mainly because no 
connecting channels had been dis- 
covered between the arteries and the 
veins. It could be seen that the 
arteries branched into smaller and 
smaller vessels as they penetrated 
the organs, but at that time without 
the aid of a microscope the fine 
connecting vessels (capillaries) could 
not be seen. But even though Harvey 
himself had no microscope with which 
to observe capillaries he was firmly 
convinced as to the existence of 
channels through which the blood 
flows between the arteries and veins. 
Marcello Malpighi (1628-1694) 
first noticed the capillaries a few 
years after Harvey’s death in 1657 
and thus proved Harvey to be 
correct. 

Harvey’s greatness lies not so much 
in the fact that he discovered the 
circulation of the blood, as in the 
painstaking way that he built up his 
evidence—by shrewd observation and 
experiment supported by sound 
reasoning. He dissected the heart 
many times and he studied its be- 
haviour in the living animal. In fact 
Harvey’s work had many implications 
outside the world of medicine. He 
might be said to have founded the 
science of physiology and have laun- 
ched the modern period of biology. 


Harvey shows a dissected heart to Charles I 
while explaining the circulation of the 
blood. 


BIOLOGY 


The Life Cycle of 


LL flowering plants produce seeds 


at some stage of their lives. The 
seeds develop into new individuals 
which ensure that the species survives. 
The life-history of an individual plant 
begins at the moment of fertilization 
i.e. when the male cell joins with the 
female egg-cell to form the first cell 
of the embryo. From this stage a chain 
of events leads to the formation of the 
adult plant, its flowers, and its seeds 
containing the embryos of the next 
generation. 


The Duration of Life 


Many plants are annuals — they 
grow, flower and die in one season. 
Frequently the life-span is so short 
that several generations may occur 
in one year. The common Groundsel 
is a good example of this. Many 
annuals, but by no means all of them, 
survive the winter as seeds. Others, 
such as the Shepherd’s Purse may be 
found growing at any time of year. 


Germination 


This process can be studied by placing a 
few beans in a jar with blotting paper as 
shown in the diagram. Under suitable 
conditions the seed absorbs water and 
splits its coat. The radicle emerges and 
grows downwards forming the root. It 
soon becomes clothed with fine hairs 
which aid it in the absorption of water and 
minerals from the soil. The cotyledons 
provide the necessary food material. As 
the root grows and anchors the plant, the 
plumule (stem) grows out of the seed-coat. 
The cotyledons remain within the seed 
ie. below ground. This is known as 
hypogeal germination. Mustard seed cotyle- 
dons and many others grow out of the 
seed and appear above ground (epigeal 
germination), When the plumule is freed 
it begins to grow upwards. Its delicate 
tip is protected by curving over but soon 
(when the shoot would be above ground) 
it uncurls and the first true leaves expand. 


and store food in their first year but 


rarely flower until the second. Root 


vegetables such as carrots are typical 
biennials. Food is stored in the fleshy 
root and is drawn upon in the second 
year for the production of new leaves 
and the flowers. After flowering, the 
plant dies. Perennials do not die after 
flowering. They live for a number of 
years, normally flowering each year 
when once they are mature. Shrubs 
and trees and plants such as Jris with 
underground stems (rhizomes) are all 
perennials. Food is stored during 
summer in the wood or the rhizomes 
and is sufficient for the resumption of 
growth in spring. 


A Typical Life History 


Although the process of fertilization 
is the start of the life cycle, we 
shall begin with the germination 
(sprouting) of the seed, for this is the 
beginning of the free life of the plant 


and is easily observed. 

The Runner Bean is a perennial 
plant although gardeners treat it as 
an annual and grow it from seed each 
year. Its seed is kidney-shaped and 
has a purple and black coat. It con- 
tains the embryo which consists of 
two fleshy seed-leaves (cotyledons), a 
tiny stem (plumule) and a tiny root 
(radicle). The food reserve of the bean 
is stored in the cotyledons, but this is 
not the case in all plants. 
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e plant may climb to a height 
The flowers are carried on 
in the axils of some of the 
2 flowers are irregular and 
by bees. 


Development of the mature plant 


By the time the first leaves expand 
the cotyledons will have shrivelled 
almost to nothing — their food reserves 
exhausted. If the plants are now 
transferred to pots of soil or to the 


garden their further development can 
be studied. 


The stem tip, which is protected by 
a sheath of tiny leaves, consists of a 
mass of cells which divide rapidly by 


The stem-tip consists of the growing 
point of dividing cells and a sheathing bud 
of tiny leaves. Just behind the tip the cells 
lengthen and the leaves separate as shown 
here diagrammatically. 

the process of mitosis. Just behind 
this growing point the new cells 
lengthen rapidly and the stem grows, 
separating the leaves as it does so. 
In the angles of the leaves there are 
buds which may later develop into 
branch stems. While the aerial part 


The root tip is covered by a cap whose 
cells protect the growing point. Above the 
region of growth the root hairs appear and 
above them, the branch roots. 


female part of the flower is a single 
arpel (A) containing several ovules. The 
md of the carpel forms the stigma which 
peceives the pollen grain. The latter gives 
out a pollen tube (B) which grows down 
gone of the ovules and fertilizes tt. 


of the plant is growing, the root 
| i too. The leaves and buds of 

e stem develop on the outside but 

t branches develop inside and 
grow outwards, reaching the soil 
behind the growing region of the 
root. In a few weeks the plant begins 
to bear flowers — usually on special 
short branches. The flowers are con- 
cerned with the production of the 
sex-cells. This is the complicated 
part of the life cycle. There are ten 
stamens each consisting of two anthers 
or pollen-sacs. Patches of cells within 
the anthers divide rapidly and pro- 
duce a mass of spore-mother cells. The 
latter divide by meiosis so that each 
gives rise to four pollen grains. During 
meiosis the number of chromosomes 
in the spore-mother cells is halved so 
that the pollen grains contain only 
half the number of chromosomes 
found in a normal plant cell. This is 
avery important stage in the repro- 
ductive process. 

While pollen formation is going on 
in the anther, development of the 
egg-cells proceeds in the carpel or 
ovary. The bean has a single carpel in 
the centre of the flower. At its free 
end it is drawn out to form the 
stigma — the surface which will re- 
ceive the pollen from another flower. 
The ovules arise from the inner wall 
of the carpel as a mass of cells. The 
outer layers (integuments) later form 
the seed-coats. Within these is the 
nucellus. As the ovule grows, a cell of 
the nucellus divides by meiosis, pro- 
ducing four cells with a reduced 
chromosome number. Three of these 
disappear but the fourth grows at the 
expense of the nucellus. It is called 
the megaspore or embryo-sac. The nuc- 
leus of the megaspore divides and 
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A section of developing anthers showing the pollen sacs. 
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Ovules develop from small patches of cells in the carpel wall. The integuments grow 
around the swelling which forms the nucellus. One cell of the latter divides and one of 
its offspring forms the megaspore which is the large central cell containing eight nuclei. 
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produces eight daughter nuclei one 
of which functions as the egg-cell. The 
others are arranged as in the diagram. 
With this, the ovule is ripe and 
awaits fertilization. 

When the pollen is fully formed the 
anthers split and allow the grains to 
fall. The stamens are enclosed by the 
petals and the flowers must be visited 
by bees before the pollen can be 
transferred. Bees are attracted to the 
flowers, and when they settle, their 
weight causes the flower to open and 
the pollen is dusted onto them. Some 
of this pollen will be transferred to 


the stigmas of the next flower visited. 
The pollen grains will germinate and 
grow towards the ovules. Pollen from 
one flower will not grow on the stigma 
of the same flower so that self- 
fertilization is impossible. 

As the pollen tube grows through 
the carpel its nucleus divides and one 
of the daughters divides again giving 
two generative nuclei. The pollen tube 
enters the ovule at the micropyle and 


releases the generative nuclei. One 


of these joins with the egg-cell nucleus 
and the other with the two polar 
nuclei. The fused egg-cell now has 


The bee alights on the flower and, while 
gathering nectar, becomes showered with 
pollen. 


the normal number of chromosomes 
for the plant cell and is in fact the 
first cell of the new generation. It 
begins to divide rapidly by mitosis 
(7.e. all the cells produced have the 
normal number of chromosomes) and 
gradually the embryo takes shape. 
The fused polar bodies also reproduce 
rapidly and absorb food from the 
nucellus which disappears as_ the 
embryo-sac grows. As the embryo 
itself grows, the cotyledons absorb 
the food material and eventually the 
embryo fills the whole ovule (now 
the seed). The seed is thus formed of 
two generations. Its coat is of the 
parental generation and the embryo 
of the new one. 

Changes occur, too, in the carpel. 
It swells to a considerable length and 
forms the fleshy pod (the fruit). As 
the seed grows it uses the food material 
in the pod which becomes. thin- 
walled and dry. The seed-coat 
hardens and its junction with the 
carpel (pod) wall breaks. The seed 
is now ripe and is scattered by the 
bursting of the dried pod. With 
enough moisture and warmth the 
seed will germinate and produce a 
new plant. Until such time the seed 
remains dormant i.e. inactive. 


The bean fruits (fiods) develop from the 
enlarged carpel. Each pod contains several 
seeds. Each fertilized ovule gives rise to 
a seed. As the latter grow the food 
material in the pod is exhausted and when 
the seeds are ripe the pod splits and 
releases them. 


INORGANIC CHEMISTRY 


OTH zinc and cadmium are used 

as coatings to protect iron from 
rusting. They are chemically related 
with only small differences in their 
properties. This is not surprising for 
their atoms are similarly constructed. 
Zinc has 30 electrons arranged so 
that there are three full inner electron 
shells and only two electrons in the 
outermost one. Zinc compounds are 
formed by the atoms giving these two 
electrons to other elements. Zinc has 
a valency of two. Cadmium atoms 
have four complete electron shells 
and like zinc have two electrons in 
their outermost shell. 

Throughout the centuries zinc and 
cadmium are both very slowly cor- 
roded by the action of air, and 
because of this corrosion it is only to 
be expected that these metals are never 
found in nature, but always occur 
as compounds. The most common 
zinc ores are zinc blende, the sul- 
phide of zinc (ZnS), and calamine, zinc 
carbonate (ZnCO,). Cadmium has 
only one well-known mineral, greenoc- 


HYDROGEN 
BUBBLES 
OFF 


kite, cadmium sulphide (CdS), and 
even that is extremely rare. Most 
cadmium compounds are found inter- 
mingled with the ores of zinc. It 
is not worth while to mine greenockite 
to produce cadmium as the metal is 
satisfactorily extracted as a by- 
product when zinc is manufactured 
from its ores. 


Manufacture of zinc 


When the ores are mined they are 
by no means pure and contain con- 
siderable amounts of useless material 
which must be removed. The ore is con- 
centrated by crushing the lumps to a 
powder and pouring the powder intoa 
stream of water. The unwanted mater- 
ial sinks to the bottom and the concen- 
trated ore isskimmed off the top. Before 
the metal can be extracted by smelting, 
the ores have to be converted into 
oxides. To do this, the concentrated 
ores are ‘roasted’ or heated strongly 
in a current of air. The carbon in 
carbonate ores is blown away as 
carbon dioxide and the sulphur in 
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Zn + 2NaOH “ 2H2O —> Na2Zn(OH)4 + H2 
ZINC SODIUM 
HYDROXIDE WATER SODIUM HYDROGEN 


ZINCATE 


Zinc reacts with both acids and alkalis. 


Zn + H2SO04 —_> ZnSO4 shat yy 
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Zinc and cadmium owe their similarities 
to their similar atomic structures. 


sulphide ores becomes the gas, sulphur 
dioxide. 


ZnCO, =ZnO + CO, 

zinc zinc carbon 

carbonate oxide dioxide 

(calamine) 

2ZnS— + 30, =2ZnO0 + 280, 
zinc 

sulphide oxygen zine sulphur 
(zinc blende) oxide dioxide 


Sulphur dioxide is a valuable source 
of sulphuric acid. Consequently, 
many zinc plants also run a plant for 
converting it into the acid. After 
roasting, the oxide is smelted. The 
oxygen is removed, reducing the 
oxide to the metal. Anthracite, a 
comparatively pure form of carbon, 
acts as the reducing agent to take 
away the oxygen. 


ZnO + G =Zn + co 
zinc carbon zinc carbon 
oxide monoxide 


The smelting furnace is fed with 
briquettes made from powdered oxide 
and powdered anthracite. Although 
the oxide is mainly that of zinc, it also 
contains some cadmium oxide. When 
the furnace is lit, the cadmium is the 
first metal to come off. It is followed 
by zinc. The metals are driven off 
as a vapour which passes into a vessel 
of molten lead. Rotors dipping into 
the molten lead whisk small droplets 
of it up into the path of the vapour. 
The zinc (or cadmium) in the vapour 
dissolves in the droplets. In this way 
the furnace gases are swept free from 
their load of metal vapour. The lead 
solution is allowed to cool slightly. 
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Lead is a heavy metal. Zinc is much 
lighter and floats on top of it. The 
floating zinc overflows and solidifies 
in a neighbouring bath. The lead is 
used over and over again. Any remain- 
ing cadmium is separated from the 
zinc by distillation. 


Chemical properties 

Both zinc and cadmium in the 
powdered form very readily burn in 
air giving off clouds of the finely 
powdered oxide. Zinc oxide is white 
and cadmium oxide is brown. 
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Enlarged section showing zinc coating on 
iron. 


a Seen 


eeES 


inc being used for cathodic protection of 


a ship’s hull. The zinc corrodes instead of 
the hull. 
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2Zn + Oo, 
zinc oxygen 


= 2 Zn 
zinc oxide 


Hot zinc and cadmium both react 
with steam and become oxides. Cad- 
mium is slightly less reactive than 
zinc. 

Zn THEO 
zinc water 


= ZnO 
zinc oxide 


+ Hy 
hydrogen 
Both metals dissolve in acids to form 
salts. Hydrogen is given off by the 
reaction. But unlike most metals, 
zinc will also dissolve in hot concen- 

trated alkalis. Cadmium will not. 


Zn + 2NaOH =Na,ZnO, +H, 
zinc caustic sodium hydrogen 
soda zincate 


Many of the compounds of zinc 
and cadmium are similar in their 
behaviour. For example, when hydro- 
gen sulphide is bubbled through 
solutions of the salts of zinc (alkaline 
solution) or cadmium, solid sulphides 
are precipitated. Zinc sulphide comes 
down as a thick white powder and 
cadmium sulphide as a deep yellow 
one. 

Not all their compounds behave 
similarly. Zinc oxide, a white powder 
which is yellow when it is hot, will 
react with acids. This is normal 
behaviour, for oxides of metals (basic 
oxides) all do this. But unlike cad- 
mium oxide it will also behave like 
the oxide of a non-metal (acidic 
oxide) and react with alkalis. Be- 
cause it has both acidic and basic 
properties it is known as an ampho- 
teric oxide. Zinc hydroxide is also 
amphoteric, reacting with both acids 
and alkalis. 
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zinc oxide is smelted with 
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BETS. in the droplets of lead thrown 


up by the rotors. 


Use of zinc 


A great deal of zinc is used for 
coating iron to prevent it from rusting. 
This galvanised iron has a mottled 
appearance because of the formation 
of large zinc crystals. Zinc is also used 
to prevent the hulls of ships from 
rusting. This is not done by coating 
the hull but by placing slabs of zinc 
at intervals over the surface. This is 
known as cathodic protection. The iron 
of the hull does not have exactly the 
same composition throughout and 
because of this small electrical currents 
flow from the iron to the sea water 
and back to a different piece of iron. 
Rusting occurs where the currents 
leave the iron. When pieces of zinc 
are stuck on the surface, the currents 
leave from them and they corrode 
away instead. Zinc is also mixed with 
other metals and the alloy cast into 
various metal parts such as_ the 
frameworks of loudspeakers and the 
numbers of car number-plates. Brass 
is a better known alloy of copper and 
zinc. Torch batteries have zinc cases. 
Zinc oxide is commercially the most 
important zinc compound. The pig- 
ment Chinese white is made from it. 
It has the advantage over lead oxide 
that it does not blacken in hydrogen 
sulphide laden air. 


Uses of cadmium 

Cadmium is becoming increasingly 
important for plating electrical parts. 
Cadmium sulphide, the yellow pig- 
ment, is used in paints. Overhead 
electrical cables are made from copper 
alloyed with 10% of cadmium. 
CHROMIUM 
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ECOLOGY 


Nekton 


HE animals that swim freely in 

the sea are collectively called 
nekton. There is no sharp dividing 
line between nekton and_ plankton 
(the floating and drifting life in the 
surface waters). Many fishes, for 
instance, are planktonic when young 
but are able to swim actively against 
the currents when they are older. 
Similarly, many fishes spend a great 
deal of their time on the sea-floor 
but swim freely when they are 
searching for food. Seals and the like 
spend part of their lives in water and 
part on land. 

Nekton consists mainly of fishes and 
whales though squids and turtles are 
also included. Of these, the fishes are 
the most important commercially 
and they are certainly more numerous 
both in terms of species and indivi- 
duals. There are over twenty thousand 
species of bony fishes alone (about 
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(Above) Examining a herring; its age is 
determined by counting the number of rings 
of growth on its scales. Scales showing the 
rings of summer growth and lines where no 
growth has occurred in winter. 


SUNFISH OPAH 


A drift-net being hauled in aboard a drifter. The lower drawing shows a drifter with a 
line of drift-nets. Each net is kept afloat by a line of corks. A fleet of nets may stretch 
for three miles. (Inset) A herring caught up by its gills in the net. 


three thousand species of shark-like 
fishes). The former group includes 
the Herring, Mackerel, Plaice, Cod 
and Haddock — all fishes of commer- 
cial importance. It is estimated that 
the Herring population of the North 
Atlantic alone must be at least one 
million million. Many other species 
accumulate in vast shoals each of 
which may contain millions of indi- 
viduals. These figures give some idea 
of the richness of the sea’s pastures 


OARFISH 


PILCHARD SPRAT 


for ultimately every animal in the sea 
depends on the tiny green plants 
(phytoplankton) living in the surface 
waters. These are able to build up 
their own food from raw materials — 
carbon dioxide, water, nitrates, phos- 
phates etc.,—using the energy of 
sunlight. Animals cannot do this; 
they have to take in complicated food 
molecules, break them down and 
rearrange them to suit their own 
requirements. The smaller animals 


feed on the phytoplankton and in 
turn are consumed by other animals. 
Creatures living on the sea-floor 
depend on the continuous rain from 
above of dead and dying planktonic 
plants and animals. A host of minute 
organisms on the sea-floor — bacteria, 
protozoans, diatoms— break down 
this material releasing a rich supply 
of food particles for the particle- 
feeders (e.g. many molluscs) of the 
benthos. These are preyed on by the 
flesh-eaters, particularly fishes. 

This gives but a brief picture of 
the relationships of the sea’s many 
inhabitants but it does emphasise an 
important point in the sea’s economy, 
namely that the plants of the plankton 
are the producers and the animals are 
the consumers. 

Many fishes feed directly on the 
zooplankton — Herring, Sprat and 
Mackerel for example. The whale- 
bone whales and the Basking shark 
also eat animal plankton. 

The distribution of plankton 
changes quite remarkably — partly 
due to ocean currents but largely 
because rapid bursts of growth when 
conditions are good may be followed 
by a rapid grazing down by the 
plankton-feeders and the exhaustion 
of nitrate and phosphate. This is 
why the distribution of fish is so 
patchy. Most of the commercially 
important fish lay eggs that float (the 
Herring is an exception). Ocean 
currents, too, have a direct effect on 
a fish’s distribution. The eggs may be 
carried to water scarce in plankton. 


bet 


EGGS (enlarged) DEVELOPING FISH 


THE LIFE HISTORY OF THE HERRING 


The Herring 


The Herring is of greater commercial importance than any other pelagic British fish. A 
description of its life history and habits merits some emphasis, therefore, in a discussion of 
nekton. Like Mackerel, Pilchard and Tunny it spends much of its time in the upper layers. 
It isa peeet: fish. It consumes plankton and small fish that are themselves plankton feeders. 
Demersal fish are those that spend most or all of their life on the sea-bed. Examples are Cod, 
Haddock, Plaice and Skate. 

The Herring is a typical pelagic fish in that its colouring makes it remarkably well adapted 
for life in the surface waters. When viewed from above, the shimmering blue-green of its 
back matches the darkness beneath. From below the whitish silver of its underside is merged 
rl the light background above. No doubt this light underside also lessens the effect of 
shadows. 

Unlike most pelagic fish, the Herring lay eggs that sink. The spawn is deposited in masses 
over the sea-floor where it covers the stones, shells and even some of the bottom-dwelling 
animals. Prior to spawning, the Herring congregate in vast shoals, some of which are said to 
cover an area of ten square miles or more - such a shoal might contain several hundred 
million fish. Each female herring lays upwards of ten thousand eggs. Some idea of the amount 
of spawn produced can be gained from these figures. 

Many of the eggs are consumed by bottom-living fish such as Haddock and no doubt 
other creatures considerably reduce the numbers. 

Newly hatched herrings are only a quarter of an inch long. For a few days, each is nourished 
by a sac of yolk. Once this is used up the young Herring leaves the bottom and reaches the 
surface where it begins to feed on the phytoplankton. As it grows its diet changes to small 
zooplankton, particularly the larvae of copepods (oar-footed creatures) and later to adult 
copepods. The planktonic youngsters are vulnerable to attacks from arrow worms, carni- 
vorous bristle worms and sea gooseberries, and many die. 

When it is almost two inches long the young Herring becomes more and more like the 
adult in shape. Early in life it is somewhat accharer. It also acquires a covering of tiny 
scales and begins to move into shallow water particularly in estuaries. At this time many 


When these hatch, the young fish 
will have little food and many will 
die. The absence of a predator’s 
normal food may mean that it 
consumes an unusually high propor- 
tion of young fish. The reverse may 
also apply. Ocean currents may carry 


the eggs and young fish to water that 
is too cold or too warm; it may be 
too salty or not salty enough. There 
are many such factors that control 
the fish population within the sea. 
The Mackerel is a commercially 
important pelagic fish. Like the 
Herring, it swims in large shoals and 
is caught in drift nets. For most 
of the year —- February to October — 
they swim in the surface waters but 
in the autumn they forsake their 
pelagic life and swim to the sea-floor. 


Thresher sharks are said to work together 


qeins their enormous tails to drive smaller 


fish such as mackerel into shoals. These 
are then consumed. 


SAILFISH 


WHITEBAIT 


are caught and marketed as whitebait together with the sprat, a close relative of the herring. 
Herring seem to spend approximately six months in coastal waters before they disperse 


over thé North Sea. Many spend a year or two near such areas as the Dogger Bank and 
they only join the large spawning shoals when between three and five years old. This has 
been discovered by counting the number of rings of growth on the scales. 


During the summer the Herring feed voraciously on the rich supply of zooplankton and 


_a wide band is added to the scale during this period; but in the winter when food is scarce 


nothing is added. Thus each scale has a series of rings of growth and lines, the latter repre- 
senting no growth in winter. Later in life the growth of the scales slows down and it becomes 


_ difficult to read their age accurately. In the summer the Herring build up a reserve of fats and 


oils. This tides them over the winter until they are able to start feeding again on the spring 


outburst of plankton. 


Fin-whales, Killer whales, porpoises and sea-birds such as seagulls and gannets are among 
the predators of adult herring. Cod are probably their greatest enemies, however, for the 
Herring move away from the surface after their nightly feeding excursions. At the bottom 


_ many fall victim to cod, as do mackerel. Some captured codfish have had the remains of ten 
or more herrings in their stomachs. Several of the sharks and rays also feed on herring. 


For a long time it has been noted that the best season for fishing herring in the North sea 


_ varied from one place to another. Off the Scottish coast summer fishing predominated, 


off the Yorkshire coast in September and off the coast of East Anglia in late autumn. We 


_ know that large herring found off the Norwegian coast are distinct from smaller forms in the 


southern half of the North Sea-they also live longer and become sexually mature at a 


_ later age. Recently the results of tagging (labelling) experiments have confirmed that there 


are distinct stocks of fish differing in their number of vertebrae, size and the shape of the 
scales. Whether these differences are due to the different local conditions or whether they 


are inherited is not yet known. Amongst the Herring found off the British coast, there 


appear to be several groups of fish each of which spawns at a different period of the year. 


They spread over the sea-bed feeding 
on shrimps of various kinds, bristle 
worms and small fish. At the begin- 
ning of February or a little earlier 
they move towards the surface, form- 
ing shoals again, and in April reach 
their spawning grounds in an area to 
the south of Ireland at the edge of 
the continental shelf. These Mackerel 
come from the western coasts of 
Ireland, the Irish Sea, English Chan- 
nel and the western coasts of France. 
North Sea Mackerel appear to con- 
verge off the coast of Norway. They 
continue to spawn as they swim 
towards the coasts again and at this 
time they consume vast quantities of 
plankton. Like Herring, Mackerel 
pick out their planktonic prey indi- 
vidually. From the middle of the sum- 
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_ Further research is needed to explain these differences. 


COPEPODS 


An adult herring —its normal length ts 
about eleven inches — feeding on tts plank- 
tonic prey (shown relatively enlarged). Each 
organism is seized individually. 


mer onwards, however, they forsake 
their plankton diet and consume young 
fish — particularly those of herring and 
sprat. Mackerel become sexually mat- 
ure when about two years old. 


ALBACORE 


In the Mackerel group of fishes 
(scombroids) are the Tunnies, Alba- 
cores and Bonitos. All are found more 
in warmer seas. Tunnies often reach 
a length of ten feet. They feed on the 
shoals of Mackerel, Herring and 
Pilchard. 

There are probably more indivi- 
dual fish in the colder waters but 
there are certainly more kinds of 
pelagic fish in warmer seas. Besides 
those mentioned above, are the 
Flying fish and the Sword- and sail- 
fishes. The Sunfish, Globe fish, and the 
Oar-fish are extraordinary forms. 

Amongst the cartilaginous fishes, 
the Basking shark is remarkable in 
filtering plankton from the water 
with fringes of stiff hairs on its gills — 
this arrangement might be compared 
with that of the whalebone whales 
which have baleen plates in their 
upper jaw in place of teeth. The 
Basking shark is one of the largest 
fishes, reaching a length of forty 
feet. The Blue shark is another large 
fish: several of twenty-five. feet have 
been reported. The Thresher has a 
very long tail. Several threshers are 
said to hunt together in packs driving 
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masses of small fish into shoals by 
‘threshing’ their tails and then feeding 
voraciously. There will be a further 
article on deep-sea fishes and fishes 
of the sea-floor. 
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| ELECTRONICS 


Comparing 
Frequencies 
with an 
Oscilloscope 


T is sometimes required to com- 

pare the frequencies of two 
alternating currents, and this may be 
done very accurately using a cathode 
ray oscilloscope (described on page 
759). To do this, one of the alter- 
nating currents is fed to one of the 
X plates, and the other to a Y plate 
of the oscilloscope. The trace which 
results will enable an observer to 
obtain an accurate value of the ratio 
of the two frequencies. 

This might be used to find the 
frequency of oscillation of an elec- 
tronic oscillator, such as the one 


PICTURES FOR RATIOS 
SLIGHTLY LESS THAN |: | 


This lagging of one pulse behind the other is effectively what 
happens when one of the frequencies is slightly less than the 
other. If the ratio of the two frequencies is slightly less than | :"| 
then the picture on the screen will change continuously from a 


X PLATE 


Y PLATE 
——— 


If a saw tooth wave form is put on the X 
plates of an oscilloscope, and no signal is 
put on the Y plates, then a straight line 
trace results. 


described on page 490. If the oscilla- 
tions of unknown frequency are fed 
to the X plates, and the signal from 
another oscillator of known frequency 
(the ‘standard’ oscillator), to the Y 
plates, then the pattern which results 
will provide the information required. 

The trace on the oscilloscope will be 
continuously changing, but by adjust- 
ment of the standard oscillator a stable 
trace results, which provides the value 
of the unknown frequency. 

The kind of pattern obtained is 
called a Lissajou Figure, after Jules 
Lissajou, a French physicist (1822- 
1880) who first observed patterns of 
this sort in vibrating bodies. The sort 
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If a saw tooth wave form is put on the X 
plates, and an alternating current wave form 
on the Y plates, then the trace of the 
alternating current wave form results. 


of Lissajou figure obtained depends on 
the sizes and frequencies of the oscilla- 
tions compared. When the frequencies 
of the two oscillations are the same 
(te. the ratio is 1:1), a simple 
pattern is obtained, but when higher 
ratios 2:1, 3:1, etc., are involved 
the patterns on the oscilloscope be- 
come more complicated. However, 
every ratio has a pattern of its own, 
and if the frequency of the standard 
is known, then the unknown 
frequency may be found. 

Often, if the standard oscillator 
can produce pulses of the same 
frequency as the other unknown 
pulses then the frequency of the 
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straight line to an ellipse and then to a circle. After this, as the 
two pulses gradually come together again, the circle changes 
back into an ellipse and finally a straight line. Both of these slope 
in the opposite direction on the screen. Straight away after this 
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The frequency of the two pulses coming into the oscilloscope 
need not be the same. Different pictures appear for different 
frequency ratios. The simplest shapes of a few of these are shown 


PICTURES FOR SIMPLE RATIOS 
OF THE TWO FREQUENCIES 
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AMPLITUDE, 


Y PLATE 


AMPLITUDE 


J < 
“rime 
PULSES OF EQUAL SIZE Y PULSES LARGE X PULSES LARGE 
How do the pulses arriving at the X and Y plates affect the spot on the face of the cathode 
ray tube? To understand this, consider two pulses of equal frequency arriving at the two 
plates at the same time. Then, as the size of both pulses increase, the spot will be drawn 
both upwards and outwards to B and then to C. 
After both the pulses have reached maximum size and the pulses are getting smaller again, 
the spot can move back along the line to the centre of the tube and then out to the other 
side as the pulses increase into the opposite direction, before returning to the centre 
once more. 

Alternating currents in electronic apparatus often have frequencies of thousands or 
even millions of pulses each second and the spot will move back and forth across the 
screen for each of these pulses. Our eyes are not able to follow the spot when it moves 
so quickly and a line will be seen on the screen. 


If alternating current wave forms are put on 
both the X and Y plates, then a Lissajou 
Figure results. 


standard is varied until the easily 
recognised 1 : 1 pictures appear on 
the screen. Then the frequency read 
from the dial of the standard oscillator 
is exactly the same as the frequency 
of the other, newly built, one. Hence, 
by connecting the two oscillators to 
the oscilloscope and making only 
adjustment, the unknown frequency 
can be read off the dial of the standard 
oscillator. The shapes on the screen 
change quite quickly if the two fre- 
quencies are not the same as the 
standard, so that the oscilloscope 
provides a method of finding fre- 
quencies which is both easy to carry 
out and very accurate. 


Vill 


the pattern starts to change back again, through the ellipse and time it will look like Il and, after another short time, nae Ill and 
the circle to the line sloping in the original direction, and then so on until it gets to the picture on the far right. This is just the 
starts going back again. same as | and the pattern is then repeated again. 


Imagine that the screen looks like | at first. Then, after a short 


here (where, for example, 2:1 means that frequency on the 

Y plates is twice that on the X plates, and 2: 5 means that the Lissajou Figures tell us what the ratios of the two frequencies are, 

frequency on the Y plates is 2 times that on the X plates). These because for each ratio there is a characteristic trace or pattern 
on the oscilloscope. 
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TECHNOLOGY 


The Motor Vehicle 
Electrical System 


HE modern motor vehicle depends 

for its operation on a number of 
electrical components connected 
together in different circuits. 


This article deals with most of 
these units including battery, dynamo, 
starter motor, lighting system and 
regulator unit. 


DYNAMO 


MAGNEHG € 
FIELD _ 


CRANKSHAFT 
PULLEY. 


CROSS-SECTION OF 
ARMATURE 


The Dynamo (Generator) dynamo yoke) a current is produced. This 
current is collected by spring-loaded car- 
bon blocks or brushes which press on the 
segments of the commutator. Some of the 
current is ‘shunted’ (by-passed) round 
the field windings and thus strengthens 
the magnetic field. The increased strength 
of the magnetic field produces a larger 
current in the armature. This ‘build-up’ 
continues automatically until full current 
and voltage output is obtained. 


The dynamo is usually mounted on 
the engine and it is driven by a vee-belt 
from a pulley mounted on the engine 
crankshaft. 

The dynamo supplies current for charg- 
ing the battery. 

It has previously been explained how an 
electric current can be produced in a coil 
of wire by moving the coil in a magnetic 
field. In a practical dynamo a large number 
of coils are wound on an iron core attached 
to a shaft. Each coil has its ends connected 
to a commutator fitted on one end of the 
shaft; this commutator is constructed of 
separate copper segments separated by 
mica insulation pieces. The complete 
assembly is called an armature. 

When the armature rotates in a magnetic 
field (created by field windings mounted 
on soft-iron pole pieces attached to the 


Control of Dynamo Output 


At high engine speeds there is a possi- 
bility of the dynamo voltage and current 
output rising so much as to cause damage 
to the battery and other units of the 
electrical system. It is therefore necessary 
to control the dynamo output, and this is 
done in the cut-out and current-voltage 
regulator unit (described opposite). 
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The Battery 


Lighting 


Modern British and American headlight 
systems use two head lamps, both of 
whose bulbs have two horizontal filaments. 
The main beam filament is placed centrally 
in the reflector with the dip filament 
mounted above it. The two filaments are 
connected by two separate wires to a 
dipper switch. When the driver operates 
this switch the dip filament lights and the 
main beam goes out and vice versa. The 
position of the dip filament causes the 
beam to be directed downwards and to 
the left (Britain) or to the right (U.S.A.), 
thus preventing dazzle for oncoming 
traffic. Side lamps are usually mounted 
separately below the head lamps. 

Two red rear lamps must be fitted and 
each usually has twin filaments, one for 
night driving and the other filament for 
use as a brake ‘stop’ light. These stop or 
warning lights come on automatically when 
the brake pedal is operated. 

Opposite is an  earth-return circuit 
diagram showing the wiring of head lamps, 
side lamps, red and ‘stop’ lamps. The return 
current paths are through ‘earth’. 
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MAIN BEAM FILAMENT 


The Starter Motor 


The purpose of the starter motor is to 
turn the engine crankshaft fast enough to 
start the engine. 

The construction of the starter motor 
is similar to the dynamo except that all the 
windings (armature and field coils) are 
made from thick wire. This also applies to 
the cables connecting the starter motor 
to the starter switch and battery, the 
reason being that a very heavy current is 
‘drawn’ from the battery during starting. 

In starter motors the armature and field 
coils are connected in series. This method 
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battery stores electrical energy 
s produced by the action of the 
, so that it can be used, when 
red, to operate the electrical com- 
nts of the vehicle. 

type in general use in automobiles 
lead-acid battery. In this, there are 
ber of cells which contain alternate 
e and negative plates, with insulators 
as separators between them. Each 
plates, positive and negative, is 
cted to a lead terminal post. The 
are immersed in dilute sulphuric 
called the electrolyte, which should 
a specific gravity of about 1-285 when 
battery is charged and, about 1-180 
the battery is discharged. The battery 
tores its charge by means of chemical 
hanges in the coatings on the plates, 
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REAR OR STOP LAMP 


onstruction is employed to produce 
) starting torque (turning effort) 
turn the engine crankshaft. 
que produced at the armature 
transmitted by a small pinion (gear) 
engages the flywheel ring gear. The 
2 shows that the starter pinion is 
n a screwed sleeve carried on the 
shaft. When the starter motor 
operated, the pinion tends to stand still, 
It as the screwed sleeve and shaft is 
ing, the pinion moves along the sleeve 
n esh with the flywheel ring gear. 
heavy coil spring is fitted to reduce 
ck of engagement. 


which occur when a current is passed into 
the battery. When current leaves the 
battery, these chemical changes are re- 
vee : 


Chemical Changes on Plates 
of Battery 


Each cell has a voltage of about 2 volts, 
thus a 12-volt battery is formed by joining 
six cells together in series (one behind the 
other). Every battery has two terminal 
posts, one marked + (positive), and the 
other — (negative). 

For all practical purposes battery current 
is considered to flow from the positive 
post through any required external circuit 
back to the negative post of the battery, 
although the flow of electrons is from 
negative to positive. 
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As soon as the engine is running at a 
speed greater than that of the starter 
motor, the pinion is screwed back along 
the threaded sleeve and out of mesh 
with the flywheel, assisted by the light 
spring. 

In many modern vehicles the starter- 
switch is operated by an electromagnet 
called a solenoid, which is energised from 
the battery by a separate circuit. This 
circuit is operated by a push-button, or 
by turning the ignition key. 

On some American cars, when the 
accelerator is first depressed the starter 
switch operates automatically. 


VOLTAGE 
REGULATOR 


CUT-OUT 


The Cut-out and Current- 
Voltage Regulator Unit 


This unit was introduced to meet the 
heavy demands made on the electrical 
system due to the increased amount of 
electrical equipment provided on mod- 
ern vehicles. 

The cut-out is a form of automatic 
switch connected between the battery 
and the dynamo. When the dynamo 
voltage is greater than the battery 
voltage, the cut-out allows current to 
flow into the battery, but when the 
battery voltage is greater than the 
dynamo voltage (as at low engine 
speeds), the switch opens to prevent 
the battery discharging through the 
dynamo windings. 

The cut-out contact points are closed 
and opened by the creation and collapse 
of a magnetic field in the cut-out core. 

The current-voltage regulator operates 
as follows: 

The current regulator allows a maxi- 
mum current to flow into the battery 
when it is discharged. When the 
battery becomes almost fully charged, 
the voltage regulator ‘takes over’ and 
maintains the voltage at an almost 
constant value. This has the effect of 
reducing the charging rate to a trickle. 

The actual control of dynamo output 
is achieved by automatically switching 
a resistance in or out of the dynamo field 
circuit, depending on whether the out- 
put is too big or too small, by means of 
the two pairs of contact points. These 
points are opened and closed magnetic- 
ally so that the field resistance is 
alternately in and out of circuit. 


VOLTAGE 
REGULATOR 


HYDROSTATICS 


DENSITY AND SPECIFIC GRAVITY 


WHEN a civil engineer is designing 
a bridge he needs to know the 
masses of the various sections in order 
to ensure the supporting structure is 
sufficiently strong. However, he does 
not have to weigh each section to 
find this information. Instead, he 
works out its volume, looks up the 
density of the material and then 
calculates the mass of the section. 
The density of a substance is the 
mass of a unit volume, so that the 
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density of a specimen may be found 
by dividing its mass by its volume. 
Thus 53 cc of liquid mercury weighs 
718 gm, hence :— 


a ee 
a auton PO Pr =13°5 gm/cc 


Since density is found by dividing 
mass by volume it follows that the 
units of density are grams per cubic 
centimetre (gm/cc) on the metric 
system, or pounds per cubic foot 
(Ib/cu.ft) in the English system of 
units. 

Once the density of a substance is 
known, it is possible to calculate the 
mass of a known volume as in the 
instance quoted above. This is done 
by re-arranging the first formula, 
thus :— 


mass = density x volume 


In other circumstances, it may be 
necessary to know how much space 
a certain mass of material will occupy. 
This is found using the same formula 
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re-written in another way :— 
mass 
volume = =—.— 
density 
Thus, 50 gm of lead, which has a 
density of 11-3 gm/cc will occupy 


50 
oe 4°4 CC 
Before such calculations can be 
made it is necessary to know the 
substances 


all instances 


of the 
In 


—— 


densities con- 


_ the 


determination of density requires two 
separate measurements to be made — 
both the mass and the volume of the 
sample have to be found. The mass 
is always found by weighing the 
sample, usually on a _ chemical 
balance. The method for finding the 
volume depends on the nature of the 
sample. With a liquid this is easily 
done using conventional volume 
measuring apparatus such as a 


measuring cylinder or pipette of 
suitable size. Clearly, if an accurate 
result is to be obtained, the sample 
must be sufficiently large for a reli- 


able reading both of mass 
volume to be obtained. 

Measuring the volume of a ‘regu- 
lar’ solid (ze. cube, cylinder or 
sphere) presents no real problem, 
since its dimensions can be found 
using a micrometer or ruler, and 
from these the volume is calculated. 
The volume of an irregular solid 
(e.g. a piece of rock) can most con- 
veniently be found by dropping the 
specimen into water and measuring 
the volume of water it displaces. The 
accompanying diagrams show two 
ways by which this can be done. 

In carrying out some of these 
determinations the volume of the 
object is found by measuring the 
volume of water which is displaced. 
However, it is rather easier to find 
the quantity of water displaced by 
weighing it, instead of measuring its 
volume. This procedure gave rise to 
the term specific gravity, or relative 
density, which is the ratio of the 
density of a substance to the density 
of water. It may be found using the 
formula :— 
specific gravity = 


and 


mass of specimen 
mass of equal volume of water 


As this quantity is a ratio, it has the 
same numerical value, whatever the 
units which are being used. Since the 
density of water is very nearly 1-0 
gm/cc, the density of substances in 
the metric system of units have the 
same numerical value as their specific 
gravities. But their densities in 
English units are 62-3 times their 
specific gravities (the density of water 
is 623 lb/cu.ft). 


Specific Gravity of Methylated Spirit gm. 


We wt evedtc eeavinebouigs ease 
Wt. of spirit alone 40-82 
Wt. of specific gravity bottle+-water 75-18 
Wt. of specific gravity bottle 25:35 
Wt. of water alone 49-83 


Specific gravity of spirit= 
awe of spirit _ 4082 0-82 
wt. of equal volume water 49:83 


(N.B. The specific aie bottle technique can 
also be used for finding specific gravities of 
powdered solids.) 
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| ELECTRICITY 


IGHTNING and the Aurora 
borealis, or Northern Lights, are 
very different in appearance. But 


they are both caused by the same 


kind of occurrence — the passage of 
an electric current through a gas. 
This is called a gas discharge. 

Gas discharges are often brilliant 
sources of light. A lightning dis- 
charge is accompanied by an intense 
white flash, while the light of an 
aurora may be yellow-green, red, 
blue, grey or violet. The reason for 
this difference in colour is that light- 
ning discharges pass through ordinary 
air at normal atmospheric pressures. 
Auroral discharges, on the other hand, 
take place in the extremely rarefied 
gases of the upper atmosphere. 

The colour of light produced as a 
result of any gas discharge depends 
on two things, the gases present and 
their pressure. This method of pro- 
ducing light can be a very efficient 
one, and it is the basis of fluorescent 
strip lighting, and of most modern 
forms of street lighting. Mercury 
vapour, sodium vapour, and inert 
gases such as neon are commonly 
used in discharge lighting. 

An electric current is passed 
through the gas (which is of course 
enclosed in a glass tube, called a 
discharge tube). The current is a flow 
of negatively charged particles, or 
electrons, and it flows from the 
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negatively charged terminal in the 
tube, the cathode, to the more positive 
anode. Often the cathode is heated, as 
in an electronic valve, so that elec- 
trons ‘boil off’ its surface and are then 
free to accelerate (because of the 
electric pressure acting on them) 
towards the anode. 

If there were no gas in the tube 
the electrons would travel unhin- 
dered to the anode. But gas discharge 
tubes contain gas molecules or atoms, 
and even at low pressures, the chances 
of an electron being able to travel 
from cathode to anode without 
bumping into a gas molecule are 
very small indeed. Every time an 
electron collides with a molecule or 
atom of the gas it loses some of its 
energy, and slows down, before being 
accelerated again in the electric field. 
Another collision then occurs and the 
process of acceleration is repeated. 

As a result of such collisions, a 
number of things can happen. The 
electron can bounce off the atom or 
molecule, leaving the atom or mole- 
cule unaffected. Alternatively it can 
transfer some of its energy to the gas 
particles it encounters. This is the 
energy which is converted into visible 
light. 


Excitation 


A colliding electron usually affects 
the outermost electrons of the gas 
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vapour dis- 
charge lamp. 
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PELLETS 


The discharge 
tube is 

U-shaped, and 

the tiny pellets 

of sodium vaporize 
once the tube 
becomes hot. 


atom. If an electron, bound to the 
rest of the gas atom, is given an 
extra bit of energy as a result of a 
collision, it becomes excited. But the 
electron cannot exist for very long in 
this excited state, and it reverts 
almost immediately to its normal, 
unexcited state, getting rid of the 
excess energy by radiating it as light. 

Generally speaking, the light is of 
a definite wavelength, or colour. This 
is because the electron can be excited 
only by certain, discrete amounts. 
So it radiates light of a certain energy 
(which is the same as saying that it 
radiates light ofa certain wavelength). 
In most atoms, however, the electrons 
can exist in a number of excited 
states, each characterised by a dif- 
ferent amount of energy above the 
normal. When the electrons go back 
to the normal states, they can radiate 
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(1) An electron, moving from cathode to anode in the discharge 
tube, collides with an atom. (2) It excites an electron attached to 
the atom, giving it extra energy. (3) The electron gets rid of its 
extra energy by emitting light. 
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(4) If the electron hits the atom violently enough, an electron is 
knocked clean away from the rest of the atom. (5) Now there 
are three charged particles to take part in the current flow. 
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Electrons emitted by the sun discharge 
through the rarefied gases of the Earth’s 
upper atmosphere. These discharges appear 
as polar Aurorae. 


FLUORES 
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CUT-AWAY DIAGRAM OF A DISCHARGE TUBE 
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FLUORESCENT POWDER 
Fluorescence 


A lot of the energy of a mercury vapour 
discharge is wasted in the production of 
ultra-violet light. Ultra-violet light has 
its uses, but, since it is invisible, it is of 
no use for general illumination. 

However, this light can be converted 
into visible light by the process of 
fluorescence. A fluorescent substance is 
one which absorbs ultra-violet light, and 
then re-emits it as visible light. The 
colour of the visible light depends on 
the kind of substance used. A suitable 
mixture of fluorescent substances gives, 
very efficiently, a white light indis- 
tinguishable from sunlight. The mercury 
vapour lamp is made in the form of a 
long tube, the inside of which is coated 
with the fluorescent powder. 


ELECTRODE 


various different wavelengths. The 
light from a discharge through, for 
example, mercury vapour is a mixture 
of several different wavelengths. Not 
all of them are in the visible region, a 
large percentage of the radiation 
being of ultra-violet light. The general 
appearance of the discharge is 
greenish white. 

Mercury vapour by itself in a 
discharge tube is not a particularly 
efficient source of light because so 
much of the emitted energy is in the 
form of invisible ultra-violet radia- 
tion. Sodium vapour is a far better 
proposition since nearly all the light 
is of two wavelengths, very close to 
each other in the yellow part of the 
spectrum. Although this light is not 
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a very good imitation of sunlight, it 
is a relatively cheap method of 
lighting, so it is used mainly for 
street lighting, where the colour 
quality of the light is not so important. 

The colour of mercury lamps can 
be improved (i.e. made whiter) by 
increasing the pressure of the mercury 
in the tube. When there are more 
molecules closely packed together, 
the molecules tend to influence each 
other. This affects the ways in which 
the electrons can be excited, so it 
affects the light they radiate when 
they become de-excited. The result 
is that the light becomes slightly 
redder. Adding more red light to 
greenish-white mercury light makes 
it whiter. 

Light from an electric discharge 
through air at atmospheric pressure 
appears brilliant white (for example, 
a flash of lightning), because this is 
the resultant appearance of light of 
all the wavelengths from all the gases 
which constitute air. 


lonization 


It is very difficult to push an elec- 
tric current through a gas because the 
gas molecules and atoms get in the 
way of the electrons, and the gas 
then acts as an insulator. In this case, 
only the electrons which leave the 
cathode, at most, can reach the 
anode, but in practice many of these 
would not do so. 

Fortunately there is a process called 
ionization which helps to reinforce the 
current, by increasing the number of 
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electrons which reach the anode. The 
gas then becomes a conductor. 

Ionization is the extreme case of 
excitation. The collision between elec- 
tron and gas atom is so violent, and 
so much energy is transferred to one 
of the electrons of the gas atom, that 
an electron is knocked clean away 
from the atom. This electron is, of 
course, negatively charged and, like 
any other electron, it will be accele- 
rated by the difference in electric 
pressure (between cathode and anode) 
towards the anode of the discharge 
tube. For each original ionizing elec- 
tron there are now two, and these are 
again accelerated in the electric field 
and collide with more gas atoms. As 
a result of these collisions, more atoms 
may be ionized and from one original 
electron, an ‘avalanche’ may result. 
These electrons are all available to 
excite more atoms and molecules 
and to produce more light. 

Current flows freely in an ionized 
gas. Besides the negatively charged 
electrons accelerating towards the 
anode, the total current is further 
increased by positively charged par- 
ticles attracted towards the cathode. 
These are the remains of atoms which 
have lost electrons in collisions, so for 
each electron there is a positive ion. 
Before the collision they were electric- 
ally neutral (i.e. the atom contained 
an equal number of positive and 
negative charges). Now, having lost 
a negative charge, they are positively 
charged and accelerated towards the 
negatively charged cathode. 


A VERY HIGH VOLTAGE IS SUDDENLY APPLIED ACROSS 
A TUBE CONTAINING EITHER XENON OR KRYPTON 
THE DISCHARGE IS OVER IN A THOUSANDTH OF A SECOND 
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The mass spectrograph is used in industry as an analytical instrument to 
detect minute quantities of impurity in substances. 
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The Mass Spectrograph 


HE atoms of a pure element such 

as carbon may exist in more than 
one form. It is found that most 
naturally occurring atoms of carbon 
are 12 times as heavy as one atom of 
hydrogen, and that the others are 13 
times as heavy. This is because the 
nucleus of the heavy atom contains 6 
protons and 7 neutrons, and the light 
one 6 protons and 6 neutrons. These 
two isotopes of carbon behave in a 
chemical experiment in exactly the 
same way as each other, and there is 
no chemical way of separating them. 
The physical properties do differ, 
however, and it is this fact which is 
used to separate isotopes (see page 
817). 

In 1912 the British physicist J. J. 
Thomson performed an experiment, 
using the element neon. His results led 
him to wonder whether there were 
present in the gas more than one form 
of the element. This was before 
isotopes were known to exist, and J. J. 
Thomson was not able to explain his 
results, but from his work was de- 
veloped the mass spectrograph. The 
mass spectrograph became an instru- 
ment for determining the existence of 
isotopes, their atomic weights and the 
relative abundances of two or more 


isotopes in a given sample of the 
element. 
J. J. Thomson’s Experiment 

When an inert gas such as neon is 
contained at a low pressure in a glass 
flask, and a strong electric field 
applied between electrodes on 
opposite sides of the flask, some 
electrons are torn from the atoms of 
the gas, and are attracted towards the 
positive electrode (anode). At the 
same time the atoms which have 
lost an electron (positive ions) are 
attracted towards the negative 
electrode (cathode) due to their posi- 
tive charge. 

If now the cathode has a hole in its 
centre, and an evacuated glass tube is 
fixed to the other side of the cathode, 
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some of the fast-moving positive ions 
arriving at the cathode will go straight 
through the hole, and will enter the 
tube. 

The flask containing the low-pres- 
sure gas is known as an zon source. ‘The 
positive ions travelling along the 
evacuated tube are known as positive 
rays. 

By placing a photographic plate at 
the end of the tube farthest from the 
cathode and facing it, the positive 
rays will be found to darken an area 
at the centre of the plate. If constant 
magnetic and electric fields are both 
made to work across the tube per- 
pendicular to the rays, the ions which 
make up the positive rays will be 
pushed out of their straight path by 
the action of these fields. ‘The electric 
field will push the ions across the 
tube, and the magnetic field will push 
them up or down. 

The distance by which an ion will 
have moved from its straight line by 
the time it reaches the photographic 
plate depends on the weight of the 
ion and its speed. Due to the action 
of the magnetic and electric fields, 
all ions of the same weight and charge 
reach the plate and fall on a contin- 
uous line. Ions of different weights 
but equal charge fall on different 
lines. Each line happens to form 
part of a curve called a parabola. 

J. J. Thomson’s experiment was the 
first attempt at positive ray analysis. He 
found that two lines were obtained in 
the analysis of neon, but was unable 
to explain their presence. It was only 
when the existence of isotopes was 
suggested by F. Soddy that the ex- 
planations became clear. 

The technique of positive ray 
analysis led directly to the develop- 
ment of the mass spectrograph by F. W. 
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LIGHT 
ISOTOPE OF 
CARBON 


The nuclei of all carbon atoms have 6 protons (positively charged hydrogen nuclei). The 
heavy isotope has 7 neutrons to give it an atomic weight of 13, and the light isotope has 6 


neutrons to give it an atomic weight of 12. 
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Sir J. F. Thomson, 1856— 
1940, the English physicist 
who discovered the electron, 
and who first carried out 
posttive ray analysis. 


Aston in 1919, who was able to 
separate and identify isotopes for the 
first time. 

In the modern mass spectrograph, 
only ions of a certain speed are 
allowed to enter the main chamber of 
the instrument. The speed selector 
consists of two electrodes connected to 
a battery, which tend to push the 
positive ions towards the negative 
electrode, and a magnetic field with 
the poles of the magnet above and 
below the beam of ions, which tends 
to push the positive ions the opposite 
way. Thus ions which are going too 
slowly will move towards the negative 
plate, and ions which are going too 
quickly will move towards the positive 


The two most abundant isotopes of neon 
each produced a separate curve in J. J. 
Thomson’s experiment. 


plate. Only ions of a certain speed will 
continue in a straight line and will 
pass through the entry slit and into 
the main chamber of the mass spectro- 
graph. 

The positive rays which reach the 
main chamber are bent round by the 
strong magnetic field due to the large 
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J. J. Thomson’s positive ray tube in which the positive rays were deflected to produce 


parabolic traces on a photographic plate. 


magnetic poles above and below the 
chamber, and travel through a semi- 
circular path before reaching the 
photographic plate. The ions will 
all have the same speed, and the 
radii of their circular paths depend 
only on their weights. If ions of 
different weights are used, the lines on 
the photographic plate will be separ- 
ated. It has been proved mathematic- 
ally that the separations of the lines 
obtained are proportional to the 
differences in the weights of the ions, 
so that the distances between lines 
indicate differences in the weights. 
This mass spectrograph provides us, 
in fact, with a scale for measuring 
atomic weights. 

Furthermore, the degree of dark- 
ness (density) of the line on the photo- 
graphic plate depends on the number 
of ions which reach the plate and le 
on that line. So the relative abundance 
of the different isotopes in the given 
sample of the element can be found 
by measuring the densities of the 
lines obtained. 

Using the modern mass spectro- 
graph, we are able to explain the 
presence of the two lines in the 
analysis of neon, discovered by J. J. 
Thomson more than 50 years ago, 
by the existence of the isotopes mass 
20 and 22 (i.e. atoms of weight 20 
and 22 times that of the hydrogen 


atom). We are also able to detect 
the isotope, mass 21, which is present 
one part in four hundred. In order 
to measure the masses of unknown 
isotopes, the spectrograph is first 
‘calibrated’ with known isotopes, so 
that the lines of the new isotope may 
be compared with the lines of the 
known isotope. 

In a similar way, the mass spectro- 
graph can be used to analyse all the 
elements found in Nature, the atomic 
weights of their isotopes, and which 
isotopes are more common than 
others. 

Separation of Isotopes 

It is sometimes required to separate 
isotopes of an element. This can be 
done in a number of ways, which were 
described previously. The mass spec- 
trograph principle can also be used to 
separate isotopes. This is done by 
replacing the photographic plate in 
the instrument by separate water- 
cooled pockets, each one placed where 
one of the positive rays would hit the 
plate. Each pocket will then contain 
atoms of only one isotope of the ele- 
ment. 

Using this method only very small 
fractions of a gram of the isotopes can 
be collected, but this is sometimes 
useful, and machines are in use now 
which operate in that way. These 
are known as isotope separators. 


FLUORINE NEON 
(AT. WT. 19) (20) (22) 


(b) A_ typical 
photographic 
record obtain- 
ed. Note that 
the separation 
of lines 19 
and 20 equals 
the separation 
of lines 22 and 
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Two ants rubbing their antennae together, one passing on ‘information’ to the other 


which uses the receptors on the antennae. 


The Senses of INSECTS 


[NSECTS, like ourselves, are re- 

. to many stimuli in their 
surroundings, such as light, heat, 
touch, chemicals and vibrations. They 
have a variety of receptors which, 
when stimulated, pass information in 
the form of nervous signals to the 
central nervous system of the insect. 
The number of signals that are sent 
will depend on how strongly the re- 
ceptor is stimulated and for how long, 
and the actions of the insect in 
response will vary accordingly. 


Touch 

The bodies of insects are covered 
with sensitive hairs. These are most 
numerous and most sensitive on parts 
such as the feelers (antennae) and on 
the lower sections of the legs. 

Each hair is a stiff modified part of 
the cuticle and/or the underlying skin 


to which it is jointed. A sense cell 


beneath the joint is supplied with a 
nerve fibre and, when the hair is 
touched, the mechanical disturbance 
of the associated sense cell or the 
resulting chemical changes causes 
signals to pass along its nerve and the 
insect ‘feels’. (Some of the hairs may 
be moved by sound waves—this will 
be discussed under hearing.) 


If a person is blindfolded and asked 
to retrieve an object at the far side 
of a room he will grope about using 
his hands to ‘feel’ his way across the 
room. In doing this he is acting very 
much in the way that an insect does: 
for the insect waves its antennae about, 
relying more on touch than we do, 
and less on sight. 


Besides the sensitive hairs insects 
have other touch organs. These are 
modified dome-shaped patches of 
cuticle which, like hairs, are associated 
with a sense cell and its nerve. They 
occur on the tail spines (cercz), the 
wings and the lower parts of the limbs. 
Stresses in the cuticle move the dome, 
which disturbs the sense cell. 

There appears to be a direct link 
between the control of flying and the 


touch receptors in the lower sections 
of the legs, for many insects commence 
flying as soon as the weight is taken 
off the limbs. Presumably these limb 
receptors are stimulated continuously 
while the insect is standing, and the 
succession of signals passing to the _ 
central nervous system overrules the —_ 


nerves supplying the wings. Theo : 


insect flies when these signals stop or 
when the higher centres overrule 
them. ~~ 


Smell and Taste 

The receptors for these senses are 
concerned with the detection of 
chemical substances. Because of this 
relationship between the two senses 
it is often difficult to say definitely 
which is used in a particular instance. 
A rough distinction is that smell 
detects chemicals which exist in the 
air as vapour, while taste recognises 
liquids or solids which come into 
contact with the receptors. 

Receptors of chemicals seem to 
occur on all parts of the body. All 
have one thing in common: they have 
a thin cuticle and are supplied with 
one or more bipolar nerve cells (see 
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page 458). Those for smell are con- 
centrated on the palps and antennae 
in the honeybee. 

The sense of smell is used for var- 
ious purposes—sexual attraction, re- 
cognising the odour of their own 
species, finding suitable sites in which 
to lay eggs and finding food. The 
males of certain moths are attracted 
by the scent of virgin females, for 
example. Some moths are able to 
scent their mates at a distance of 
over two miles. Certainly social insects 
are able to detect members of their 
own species, even of their own colony. 
Often an ant of the same species but 
from another colony will invade the 
home of a neighbouring colony. It 
will be recognised as foreign because 
its different smell can be detected and 
so will be evicted or killed. Some ants 
will follow trails left by others and so 
they are guided on their food-foraging 
expeditions. 


A diagram showing the number of units 
of an eye with many facets that per- 
ceive a cross. (Inset) The cross as seen by 
the insect is fairly detailed. 


Fewer units of an eye with few facets 
receive reflected light from the cross. 
(Inset) The cross is seen in less detail 
by the insect. 
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Female insects are often attracted 
to a suitable site in which to lay their 
eggs by its smell. Parasitic forms also 
find their hosts in this way. Plant- 
eating insects are often attracted to the 
plants on which they feed by the 
odours that these emit. In this way 
night-flying moths are guided to such 
flowers as honeysuckle. Many drably- 
coloured flowers attract flies because 
of their fetid smell. Such features 
play an important part in helping 
to ensure that pollination is carried 
out. It is interesting that the newly 
emerged females of an ichneumon 
fly find the scent of the pine unattrac- 
tive and fly away from it. When 
they are sexually mature, however, 
the scent attracts them and they fly 
back to it to lay their eggs on the host 
insects that they parasitize. By offer- 
ing substances which to us taste bitter, 
sweet, salt or acid (sour) it is possible 
to study an insect’s sense of taste. 


The head of a greenfly showing the 
small compound eyes on the side of the 
head having few units. 


Bees are particularly fond of sweet 
substances such as some sugars, but on 
the other hand they will reject many 
sugars to which flies are attracted. 
Honeybees also find man-made sweet- 
ening substances such as saccharin 
distasteful. 

The taste receptors occur mainly in 
the mouth and on the mouthparts, the 
antennae, and the lower parts of the 
legs of many insects. Insects can 
literally taste with their feet! 


Temperature and Humidity 

Often on a hot day one is aware 
that it is also muggy. Insects, too, 
are receptive to both humidity and 
temperature. It is probable that the 
receptors in the human body louse, 
Pediculus, are tufts of specialised hairs, 
and hairs of various kinds are thought 
to be humidity receptors. At present 
it is not known if the receptors are 
stimulated by changes in the supple- 
ness of the cuticle or whether they 
are directly receptive to water vapour. 

Very few heat receptors have been 
identified positively. Some _ blood- 
sucking insects (e.g. mosquitoes) are 
known to locate warm-blooded prey 
by detecting the heat that their bodies 
produce though the receptors have 
not been isolated. 


Sight 

Light visible to ourselves lies be- 
tween red and violet, but though 
many insects are not so sensitjye to 


Experiments on the sight of bees. 
By placing sugar solution in the 
dish on the blue paper Karl von 


The compound eye of an insect cut 
away to show the arrangement of the 
units or ommatidia and the nerve 
supply. (Inset) A single ommatidium 


seen in lengthwise section. 


the red end of the spectrum they can 
see well into the ultra-violet which we 
are unable to see. Honeybees are 
even able to perceive the plane of 
vibration of polarized light, which 
faculty they are able to use as a means 
of direction-finding. 

Insects respond to light in three 
ways: through the whole of the body 
surface which appears to be sensitive, 
through simple eyes called ocelli, and 
through compound eyes. 

In many simple animals the body is 
receptive to light even though no 
obvious eyes are present. Simple 
eyes occur on the head near the com- 
pound eyes, usually in a group of 
three. They have no focusing mech- 
anism. (Many insects have no simple 
eyes.) Simple eyes probably measure 
the light intensity, and in some in- 
sects, at any rate, prepare the com- 
pound eyes for receiving light, thus 
alerting the insect. 

Compound eyes are the main 
organs of sight. The outer part of 
each eye consists of numerous units or 
facets varying in number from ten 
to thirty thousand in different insects. 
These are usually hexagonal, forming 
a honeycomb-like mosaic. Each 
facet or lens is at the top of a cone- 
shaped tube (ommatidium) at the 
bottom of which are the light receptive 
cells. All the ommatidia together 
produce a mosaic of spots of light, 
each spot representing the part of the 
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Frisch trained the bees to feed at 
blue. He showed that they had colour 
vision by placing several dishes on a 


The head of a horsefly showing the 
large compound eyes, each of which is 
made of many units. 


field of lewsin line with a, particular 
omnia m. In cena picture 
consists of a series 

like a vrinted SEES 
The picture an insects eS 
is indistinct. Insects c2 
distinguish shapes and can ré recogni 
certain patterns, but their eyes 


path. A dragonfly, for example, is an 
expert at catching its prey on the 
wing. In most insects the fields of 
view of both compound eyes overlap 
so that they have stereoscopic vision 
somewhat like our own. 

Many insects can _ distinguish 
colours; Karl von Frisch was a pioneer 
in experiments on this. He placed a 
dish of sugar on the blue-coloured 
board of a coloured strip. The bees 
came to the dish and fed. When the 
dish was removed the bees still went 
to the blue colour where the dish had 
been. To show that they were in fact 
‘seeing’ the strips in colour and not 
merely as different shades of grey he 
placed several dishes on a chequered 
board, each square having a different 
intensity of grey except one which was 
blue. The bees went for the blue 
colour that they had learned to visit 
in the first place. 


Hearing 

This sense is not equally developed 
in all insects. In fact it is likely that 
some insects are deaf. The ranges 
of hearing of different insects cover 


chequered board of varying shades of 
grey with one blue square. The bees 
collected at the dish on the blue paper. 


a wider frequency band than that to 
which the human ear is sensitive. 
Hearing organs are of two kinds, 
sensitive hairs and tympana. Few 
insects have the latter. The sensitive 
hairs are similar to those used for 
touch. Each tympanal organ consists 
of a thin membrane connected to 
sensitive cells that are supplied with 
nerve fibres. The positions of the 


tympana vary considerably. Crickets 
and long-horned grasshoppers have 
them on the fore-legs, but short- 
horned grasshoppers have them on the 
first segment of the abdomen. Others 
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Predatory insects such as dragonflies 
have large eyes each made up of many 
units giving them the excellent vision 
that they need for catching other 
insects on the wing. 


may have them on the thorax or the 
abdomen. 

The purpose of the insect’s hearing 
organs seems to be the location of the 
other sex for mating purposes. Crickets 
and the like chirp or stridulate, and one 
researcher has succeeded in attracting 
unmated female crickets to a loud- 
speaker from which noises made by 
young males were coming. 


| HEAT PHYSICS | 


Measuring Heat 


Finding the specific heat of aluminium by the method of mixtures. 
The aluminium is heated in boiling water and then plunged into 
cold water in the calorimeter. The heat gained by the cold water 
and calorimeter can be calculated and is equal to Q, the heat lost 
by the mass m, aluminium. The specific heat s of aluminium can 
then be found from the equation Q—=m xs Xt. 


To measure the specific heat of a solid 


This experiment is an example of the ‘method of mixtures’. It is based on 
the fact that the heat lost by a hot object is gained by a colder body. This is 
true only if precautions are taken to prevent heat escaping from the ap- 
paratus. The main piece of apparatus is the calorimeter, a thin copper can 
(copper has a low specific heat and therefore has a small capacity for absorb- 
ing heat) which should be polished to cut down the heat lost by radiation. 
The calorimeter is placed on a slab of cork (a bad conductor of heat) inside 
a larger can which acts as a shield against draughts. Usually, the calorimeter is 
fitted with a lid which holds the thermometer essential to all heat measuring 
experiments. Passing through the lid is a piece of copper wire with which the 
contents of the calorimeter can be stirred. 

Suppose that the specific heat of aluminium is to be found using the method 
of mixtures. The specimen of aluminium is weighed and the empty calorimeter 
is weighed with its stirrer. Next,the calorimeter is half-filled with water and 
weighed again so that the mass of water it contains can be found from the 
difference between the two weighings. The aluminium is heated by suspend- 
ing it in a beaker of boiling water. The temperature of the boiling water is the 
initial temperature of the aluminium. While the aluminium is being heated 
the temperature of the cold water in the calorimeter is taken. Then the hot 
aluminium is transferred quickly to the calorimeter (taking care not to carry 
any hot water over with it). The water in the calorimeter is stirred and the 
highest temperature recorded by the thermometer is noted. 

To find the specific heat s of the aluminium the following measurements 
must first be made. These, together with the specific heat of copper and water, 
which are known factors, are all that is necessary. 


Mass of aluminium= 10 gm. 
Mass of empty calorimeter=50 gm. 
Mass of water in calorimeter=80 gm. 
Initial temperature of aluminium=99-5°C. 
Initial temperature of calorimeter= 17-5°C. 
Final temperature of aluminium and calorimeter=19-5°C. 
Specific heat of copper=0-09 cal./gm./°C. 
Specific heat of water=|I cal./gm./°C. 


From this information the following calculations are made: 

Fall in temperature of the 10 gm. of aluminium=99-5— 19-5=80°C. 

Hence, heat lost by aluminium is Q=mxs x t=10x s x 80=800xs calories. 
Rise in temperature of the copper calorimeter is 19-5—17-5=2°C. 

Hence, quantity of heat, Q, gained by calorimeter is Q=mxsx t=50x 0-09 
x 2=9 calories. 

But, since rise in temperature of cold water calorimeter is also 19-5—17-5 
=2°C., quantity of heat gained by 80 gm. of water Q=mxsxt=80x 1x2 
= 160 calories. 

So total quantity of heat gained by water and calorimeter=160+9=169 
calories. 

Now the 800s calories lost by the aluminium is equal to the 169 calories 
gained by the water and the calorimeter. So, 800 x s= 169. 

Dividing both sides of the equation by 800 gives: 


Specific heat of aluminium s—1® 


INCE heat is a form of energy, it might be expected 

that quantities of heat should be measured in energy 
units such as ergs and foot-pounds. However, the need for 
a unit of heat arose before the connection between heat 
and other forms of energy had been established. So it is 
largely for historical reasons that quantities of heat are 
usually measured in calories and British Thermal Units. 
Generally speaking, scientists use calories while engineers 
use British Thermal Units (B.t.u.). The heat unit called 
the therm used in connection with fuel gases is simply 
100,000 B.t.u. 


The calorie is defined as the quantity of heat needed to 
raise the temperature of 1 gram of water by 1 degree 
Centigrade. (To be absolutely precise it is the quantity 
of heat needed to raise the temperature of water from 
14°5°C. to 15:5°C.) Similarly the British Thermal Unit 
is defined as the quantity of heat needed to raise the 
temperature of 1 pound of water by 1 degree Fahrenheit. 

How much heat is required to raise the temperature of 
1,000 gm. of water from the ice point (0°C.) to the boiling 
point (100°C.)? To raise the temperature of 1 gm. of 
water by 1°C. requires 1 calorie. To raise the temperature 
of 1,000 gm. of water by 1°C. requires 1,000 calories. 
Hence to raise the temperature of 1,000 gm. of water by 
100°C. requires 1,000 X 100= 100,000 calories. 

How much heat is required to raise the temperature of 
2:2 lb. of water from the ice point (32°F.) to the boiling 
point (212°F.)? To raise the temperature of 1 lb. of water 
by 1°F. requires 1 B.t.u. To raise the temperature of 
22 lb. of water by 1°F. requires 2-2 B.t.u. Hence to 
raise the temperature of 2-2 lb. of water by 180°F. (i.e. 
from 32°F. to 212°F.) requires 2:2 x 180 =396 B.t.u. 

Water is somewhat unusual in that 100,000 calories 
(an enormous amount of heat) supplied to 1,000 gm. of it 
only raises its temperature by 100°C. (not a particularly 
big increase). If the same amount of heat is supplied to 
1,000 gm. of copper the temperature of the copper will 
rise by about one thousand °C. (assuming that no heat is 
lost). The rise in temperature which results whenever heat 
is supplied to a substance varies from substance to sub- 
stance, and the quantity of heat needed to produce a given 
rise in temperature varies from substance to substance. 
The quantity of heat (in calories) which raises the tempera- 
ture of 1 gm. of a substance by 1°C. is known as the specific 
heat of the substance. Using the British system of units, 
the definition of specific heat is the quantity of heat (in 


B.t.u.) which raises the temperature of 1 lb. of a sub- 
stance by 1°F. Both definitions give the same numerical 
result even though the units are different. For example, 
the specific heat of ice is found by experiment to be 0-5 
calories per gram per degree centigrade (cal./gm./°C.) or 
o-5 B.t.u. per pound per degree Fahrenheit (B.t.u./ 
lb./°F.). This means that half (0-5) a calorie will raise the 
temperature of 1 gm. of ice by 1°C., or half one B.t.u. 
will raise the temperature of 1 lb. of ice by 1°F. It also 
means, incidentally, that if half a calorie of heat is removed 
from 1 gm. of ice the temperature of the ice will drop by 
1°C, 

It is easy enough to measure temperature changes 
since they can be recorded with the aid of a thermometer. 
But there is no means of directly measuring quantities 
of heat. Fortunately, there is a simple relationship between 
temperature change and the quantity of heat responsible 
for it. If change in temperature is represented by the symbol 
t, mass of substance by the symbol m, its specific heat by 
the symbol s, and the quantity of heat responsible for the 
change in temperature is represented by the symbol Q, 
then the connection between heat and temperature is 
given by the equation Q=mxsxt. 

This equation is derived from the definition of specific 
heat. By definition s calories raise the temperature of 1 gm. 
of a substance by 1°C. Hence mxs calories raise the 
temperature of m gm. of a substance by 1°C. and mxs xt 
calories raise the temperature of m gm. of a substance by ¢ 
°C. 

What quantity of heat is needed to raise the temperature 
of 50 gm. of copper from 18°C. to 98°C. (specific heat 
of copper=o-09 cal./gm./°C.)? The mass m=50 gm., the 
specific heat s=o-09=,% cal./gm./°C., the change in 
temperature t=98—18=80°C. The quantity of heat 
Q=m xX 5X t=50 X w X 80= 360 calories. 

From the definition of a calorie (the quantity of heat 
needed to raise the temperature of 1 gm. of water by 1°C.) 
it follows that the specific heat of water is 1-00 cal./gm./°C. 
This is the highest specific heat of all the common sub- 
stances. It is, for example, over 5 times as high as the 
specific heat of sand. In order to produce a given rise in 
temperature, water must absorb over 5 times as much heat 
as an equal mass of sand. This explains why the sea takes 
longer than a sandy beach to warm up during the day- 
time and also why the sandy beach cools down more 
quickly at night. 


Finding the specific heat of a liquid by the method of cooling. The 
time taken for the liquid to cool from, say, 51°C. to 49°C. is com- 
pared with the time taken for water to cool through the same 
temperature range. Since the area and condition of the calori- 
meter affects the rate of cooling, it is better to use the same 
calorimeter in both experiments. 


- To measure the specific heat of a liquid 


This experiment is an example of the ‘method of cooling’. It is based on the 
fact that the quantities of heat lost per second by hot objects at the same tem- 
perature are equal, provided they have identical cooling surfaces. A small 
calorimeter is weighed empty with its stirrer. It is then partly filled with a 
known volume of warm water, and a thermometer passing through a cork is 
placed in the calorimeter. The time taken for the water to cool from, say, 
51°C. to 49°C. is measured with the aid of a stop-watch. When the calori- 
meter has cooled it is weighed again to find the mass of water it contains. 

The experiment is then repeated with an equal volume of the liquid whose 
specific heat is to be found taking the place of the water. The time taken 
for the liquid to cool from 51°C. to 49°C. is measured. To find the specific 
heat of the liquid, the following measurements must first be made. These, 
together with the specific heat of copper and water, which are known factors, 
are all that is necessary. 

Mass of empty calorimeter=50 gm. 
Mass of water=80 gm. 
Mass of liquid—=70 gm. 
Time taken for water to cool from 51°C. to 49°C.= 169 sec. 
Time taken for liquid to cool from 51°C. to 49°C.=93 sec. 
Specific heat of copper=0-09 cal./gm./°C. 
Specific heat of water= 1-00 cal./gm./°C. 


From this information the following calculations are made: 
Quantity of heat lost by the calorimeter, Q, =mx sx t=50x 0:09 x 2=9 cal. 
(This is the same in both parts of the experiment.) 


Water experiment 

Quantity of heat lost by 80 gm. of water in cooling from 51°C. to 49°C. 
Q=mxsx t=80x | x 2=160 calories. 

So that heat lost in the water experiment=9-+ |60= 169 calories. 

This loss of heat occurred in 169 seconds, so the rate of loss of heat= I calorie 
per second. 


Experiment with unknown liquid 

Quantity of heat lost by the 70 gm. of liquid in cooling from 51°C. to 49°C. 
(if s is the specific heat of the liquid)=70x sx 2= 140 xs calories. 

Since heat lost by calorimeter is 9 calories, total loss of heat by liquid and 
calorimeter= 140 x s+-9 calories. 

This loss of heat took 93 seconds, so rate of loss of heat is 
per second. 

Since the conditions (surface area of calorimeter, temperature of surround- 
ings, etc.) were identical in both experiments, the two heat losses should be 
equal. 

So, “0=5+?—| calorie per second. 

Multiply both sides by 93: 140xs+9=93 

Subtract 9 from both sides: 140 x s=93—9=84 

Divide both sides by 140: s="=0-6 cal./gm./°C.=Specific heat of liquid. 


wor? calories 
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POLYSTYRENE 


HIS plastic material is manu- 

factured from two raw materials— 
ethylene and benzene—which are 
readily obtainable from oil refineries 
and gas works respectively. The 
styrene monomer (single molecule) from 
which the polystyrene molecules can 
be obtained has been known for some 
125 years. It was a German phar- 
macist, by name Simon, who first 
identified styrene and noticed that if 
it were stored for a few months it 
became solid. In fact this solid was 
polystyrene, and the ease with which 
the styrene molecules polymerized 


Part of the works in which styrene 
monomer is polymerized. 


Formation of Polystyrene 
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(joined together to yield giant mole- 
cules) prevented its development as a 
plastic for almost 100 years. 

However, by 1937 a satisfactory 
means of controlling the polymeriza- 
tion mechanism had been found, and 
since then the production of poly- 
styrene has grown by leaps and 
bounds. The development of radar 
before and during the Second World 
War depended largely upon poly- 
styrene as an insulating material. 
Its commercial development was 
rapid in the post-war years, and today 
polystyrene is a plastic material which 
is employed for a number of other 
purposes. On account of its low 
temperature properties, one very use- 
ful application is in linings and 
accessories (trays and drawers) for 
refrigerators. Polystyrene is used 
widely in packaging and for the 
manufacture of a great variety of 
household articles. 


Preparation of the Styrene 

Monomer 

As already mentioned, the ethylene 
required for the synthesis of styrene 
is obtained as a valuable by-product 
in the refining of oil (ethylene and 
related hydrocarbons are formed by 
cracking the petroleum fraction from 
the primary distillation stage in re- 
fining oil). This petroleum fraction 
is mixed with steam and passed rapidly 
over pipes heated to around 750°C. 
The gaseous products, which include 
hydrogen, methane, ethylene, ethane, 
propylene, propane and higher hydro- 
carbons, are separated by fractional 
distillation at low temperatures and 
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ETHYL BENZENE (C,H,.CH,.CH,) 
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Tests have to be carried out on the various 
grades of polystyrene to check their sutt- 


by other techniques. The yield of 
ethylene varies between 15% and 
25% of the petroleum fed. 

The benzene for the synthesis is 
obtained from the light oil fraction 
in coal tar which is a by-product in 
the manufacture of coke and coal gas. 

The formation of styrene monomer 
is a two-stage reaction. In the first 
stage ethylene and benzene take part 
in an addition reaction to yield ethyl 
benzene. This takes place in the 
presence of aluminium chloride which 
acts as catalyst. The ethyl benzene 
is then passed over zinc oxide or the 
oxides of other metals heated to about 
600°C. In this way the ethyl chain 
attached to the benzene ring is 
dehydrogenated and styrene pro- 
duced. 


Polymerization of Styrene 

The methods used for bringing 
about polymerization of the styrene 
monomer are rather critical. For the 
polymer to be satisfactory in service 
it is essential that there should be a 
large number of (C,H,C,H,) units 
in each chain of polystyrene molecules. 
Several means have been introduced 
to meet this end. 

In the thermal polymerization 
method the monomer is maintained at 


BLACK BALLS=CARBON ATOMS 
WHITE BALLS=HYDROGEN ATOMS 


ETHYL BENZENE 
(C,Hs.CH,.CH,) 


Here 


ability for various applications. 
polystyrene sheet is being extruded in a 
small-scale experimental rig. 


a carefully controlled temperature, in 
the range 80°C. to 220°C., depending 
upon the particular properties re- 
quired of the product. Although the 
reaction would proceed in the absence 
of a catalyst, it is found that the 
addition of traces of benzoyl peroxide 
and similar compounds make for 
faster polymerization. Since a lot of 
heat is given out by the reaction (it 
is exothermic) it is essential that pro- 
vision is made for taking the heat 
away efficiently. 

Better control of the polymeriza- 
tion process and, in consequence, 
greater uniformity in the size of the 
giant molecules can be achieved by 
other more expensive methods. Poly- 
merization may be carried out in 
solution, or with the styrene in sus- 
pension or emulsion. The choice of 
method depends largely upon the use 
to which the end product is to be put. 

After polymerization the poly- 
styrene is extruded and the thin 
strands are cooled and hardened by 
being passed through water. The solid 
strands are then cut into short lengths 
to yield granules of uniform size. 


Processing and Uses 
Normally polystyrene is a trans- 
parent brittle plastic of the thermo- 
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plastic type (i.e. it can be softened 
and moulded several times without 
loss of properties). It has a high 
electrical resistance and is satisfactory 
in service at low temperatures. Poly- 
styrene can be supplied in a wide 
range of attractive colours, in various 
grades to meet different applications. 

There are four ways by which 
polystyrene articles can be formed 


MOVABLE PLATEN 
(CONTAINING MOULD) 
CLAMP PLUNGER 


SPREADER 


film and semi-rigid containers are 
used in this connection. The use of 
polystyrene in refrigerators and in 
electrical appliances has already been 
mentioned. The pleasant appearance 
of the plastic is coupled with physical 
properties well suited to the applica- 
tion. Polystyrene is also used in the 
manufacture of a number of toys, and 
in photographic equipment. 


HOPPER 
PLUNGER 


Containers and other more complicated shapes are formed by injection moulding—granules 
of the polymer are softened by heat and then forced under pressure into the moulds. 
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from the granules of the plastic 
obtained from the polymerization 
plant. In each instance the granules 
are heated until the polystyrene is 
soft enough to flow. It may be forced 
into a mould in the injection and 
blow moulding techniques, or extruded 
through a die and drawn through 
rollers to yield thin sheet. The latter 
may subsequently be shaped by 
vacuum-forming. 

Large quantities of polystyrene are 
now used for packaging foodstuffs and 
other articles. Both thin polystyrene 
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But some shapes, such as linings for 
refrigerators, are vacuum formed from 
e sheet polystyrene. 
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bee SMALL PART OF A POLYSTYRENE MOLECULE 
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VACUUM FORMING REMOVING 


A recent development has been the 
production of ‘expanded polystyrene’. 
This is a rigid plastic foam of very 
low density (one cubic foot weighing 
between 1 Ib. and 2-5 lb.), in which 
the individual air-filled cells are 
sealed off, one from another, by the 
polystyrene. Since still air is a poor 
conductor of heat, this material is 
an excellent thermal insulator. It 
can also be used to form ‘cradles’ 
for holding fragile articles in transit 
and is gradually replacing straw, 
sawdust, etc., for this purpose. 
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When round, yellow and wrinkled, green 
seeded plants are crossed, the F, genera- 
tion produces four types of gamete which 
combine in every possible way, producing 
the 9 : 3: 3: 1 ratio described in the text. 
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When tall and short plants are crossed 
the F, generation are all tall. Two types 
of gamete are produced and these give 
plants in the ratio 3:1, tall: short. 
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MENDEL 


"THE ways in which characteristics 

a passed on from one generation 
to the next have intrigued biologists 
for a very long time. Gregor Mendel 
was the first person to establish some 
sort of system in this field. He was 
a monk and taught science at a school 
in Brunn—now part of Czechoslovakia 
—in the middle part of the nineteenth 
century. The principles that Mendel 
discovered hold good today and form 
the basis of the Science of Genetics 
which has practical value in plant and 
animal breeding. 

Mendel experimented with garden 
peas which he grew in the garden of 
his monastery. He noticed that not all 
the plants were alike: some were tall, 
others short; some seeds were round 
while others were wrinkled. These 
characters were clear-cut and obvious 
and Mendel decided to study them 
individually. The fact that the flowers 
are normally self-pollinated was a 
great help to Mendel, for his flowers 
were not contaminated by unknown 
pollen. Mendel selected plants with 
opposed characters (e.g. tall and 
short) and bred them individually 
until he was satisfied that he had 
true-breeding lines, i.e. the tall plants 


and the 


produced only more tall ones. He then 
transferred pollen from tall plants to 
flowers of short ones and vice-versa. 
In both cases the next generation of 
plants (the first filial or F, generation) 
were all tall—the shortness character- 
istic of one parent had been sup- 
pressed, and Mendel stated that tall- 
ness is produced by some ‘factor’ 
in the cells which is dominant to a 
factor for shortness; the factor for 
shortness is said to be recessive. When 
the plants of the F, generation were 
allowed to set seed naturally (i.e. by 
self-fertilization), Mendel found that 
in every case he got about three 
times as many tall as short plants. 
Obviously the shortness factor was 
present in the F, plants and was 
passed on in the pollen or ovule to 
some of their offspring—the second 
filial or F, generation. 

The constant appearance of the 
3: 1 ratio in the F, generation activ- 
ated Mendel’s mathematical mind 
and led him to what is now called 
Mendel’s First Law. He suggested that 
the tallness and shortness factors, 
carried in the F, generation, separate 
during the formation of sex-cells 
(gametes) so that half of the gametes 


The Role of 


It was not until about 1900 (16 years after 
Mendel’s death) that the validity of Mendel’s 
work was realised. Several botanists, work- 
ing independently, obtained similar results 
and confirmed Mendel’s laws in many cases. 
There were, however, some exceptions. 
By now the techniques of microscopy were 
advancing and the chromosomes had been dis- 
covered. These are thread-like structures 
present in the nucleus of the cell. Every cell 
has a fixed number of chromosomes and each 


To Show Linkage 


|. When the genes for seed colour and 
shape are on different chromosomes the 
F, hybrid can produce four different 
gametes. 


2. If the genes are on the same chromo- 
some (i.e. linked), only two types of 
gamete can occur, so that in this case 
round seeds will always be yellow, and 
green ones wrinkled. 


Science of Genetics 


carry the tallness factor and half 
carry the shortness factor. 

Mendel’s First Law states that only 
one of two opposed characters can be 
carried as a factor in a single sex-cell, i.e. in 
a pollen grain or an ovule. 

If we accept this we can show how 
the 3:1 ratio is produced. Let the 
tallness factor be called T and the 
shortness factor, t. As Mendel started 
with true-breeding lines the original 
tall plants would produce gametes 
with only T, and the short ones only t. 
When these combine in the F, genera- 
tion we have Tt. Because T is 
dominant all the plants are tall. 
According to Mendel’s First Law, 
when these plants produce pollen and 
ovules there will be equal numbers of 
T and t gametes. Any pollen grain 
may fuse with any ovule when the 
pollen is released, and there are 
therefore four possible combinations 
in the F, generation as shown in the 
diagram. Three of these combinations 
contain T and these plants are there- 
fore tall while the remaining quarter 
are short. Two-thirds of the tall 
plants contain the shortness factor 
and, when self-pollinated, produce 
the 3: 1, tall : short ratio. The other 


the Chromosomes 


chromosome can be paired with a similar one. 
Human body-cells have 23 pairs. The cells of 
the pea-plant contain seven pairs. The chromo- 
somes seemed the obvious site for Mendel’s 
factors to be carried and we now know that 
this is so. The factors, which we call genes, are 
very complicated nucleo-proteins. A slight 
chemical change might convert a gene for tall- 
ness into one for shortness. Every gene occurs 
at a fixed point on a fixed chromosome. Since 
the chromosomes occur in pairs there will be 
in each cell two genes controlling height. 
These may both be tallness factors or both 
shortness factors (homozygous condition) or 
there may be one of each (heterozygous or 
impure condition). When sex-cells are formed 
the chromosomes undergo a process called 
Meiosis, a full account of which appears on 
page 814. During Meiosis the pairs of chromo- 
somes separate—one of each pair going to 
each sex-cell (gamete). This is exactly what 
Mendel stated in his first law—only one of a 


tall F, plants, however, are pure- 
breeding as are all the short ones— 
they have only one type of factor 
and are called homozygotes. The im- 
pure plants (i.e. those with two 
different factors) are heterozygotes. 
Similar results are obtained with 
any pair of opposed characters. 
Mendel then went on experimenting 
with peas which differed in two 
characters. He chose two types o 
plant—one with round, yellow seeds 
(RY), the other with wrinkled, green’ 
seeds (wg), and cross pollinated them. 
The resulting F, generation plants all 
had round, yellow seeds, so we can see 
that the factor for round seeds is 
dominant to that for wrinkled and 
that yellow dominates green. When 
the F, generation plants grew up and 
produced seed they showed all four 
characters in every possible combina- 
tion. The proportions were very close 
to g round, yellow: 3 round, green: 
3 wrinkled, yellow: 1 wrinkled, green. 
Mendel then stated his second law: 
The factor for each one of a pair of 
opposed characters may combine with any 
one of another pair when the sex-cells are 
formed. He reasoned that the impure 
F, plants would be RYwg and that 


pair of factors can occur in a single gamete. 
The gametes from a homozygous individual 
will all be the same, but an impure individual 
will give two types in equal numbers. 
Mendel was lucky in that the characters he 
chose—e.g. shape and colour of seeds—are 
borne on separate chromosomes. Had they 
been linked genes (i.e. on one chromosome) 
the results would have been different. He 
would have obtained only round, yellow seeds 
and wrinkled green ones, for RY and wg would 
not have separated and Mendel could not have 
stated his second law. This does happen with 
many characters because of the enormous 
number of genes on each chromosome. Link- 
age causes a major exception to the second 
law. Linked genes can be separated, however, 
and often are by the occurrence of crossing 
over. The chromosomes may break and rejoin 
in different ways during Meiosis so that 
various combinations are produced. This is an 
important source of variation in living things. 


they would produce the gametes ¥ 
RY, Rg, wY and wg. Rw and Yg 
cannot be produced because accord- 
ing to the first law a gamete can 
carry only one of a pair of opposed 
factors. Any pollen grain can again 
combine with any ovule and from the 
accompanying table we can see how 
Mendel explained the 9:3:3:1 
ratio on this basis. Whenever R and 
Y occur together there will be round 
yellow seeds, for these two factors are 
dominant. When R is absent they 
will be wrinkled, and when Y is absent 
they will be green. 

When Mendel published his results 
in 1865 scientists paid little attention 
to his work. 


To Show Crossing Over 


Y g 


If Rand Y (and wand g) are linked, they 
would normally appear together when 
the chromosomes separated. 


If the chromosomes break and rejoin, R 
and Y and w and g may be separated 
when the chromosomes divide to pro- 
duce gametes. 


so 
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| GEOMORPHOLOGY | 


The Work of Ice 


URING the Earth’s long history 
the climates of the world have 
undergone many changes. But there 
have been few to match the change 
that took place less than one million 
years ago when temperatures fell, 
especially in the north, and the world 
entered the Great Ice Age. As more 
and more snow fell in winter and less 
and less melted in summer great ice 
sheets built up and moved slowly 
southwards across the land. At their 
greatest extent much of Asia, Europe 
and North America, more than eight 
million square miles in all, lay 
shrouded in ice. Lush sub-tropical 
regions were turned into icy wastes as 
Arctic conditions gripped the land 
and compressed the climates towards 
the equator. Like giant bulldozers 
the advancing ice sheets scraped the 
land clear of soil and dumped it 
farther south. They levelled forests, 
smoothed the tops off hills, scoured 
out valleys and carried huge boulders 
hundreds of miles from their parent 
outcrops to foreign resting places. The 
Great Ice Age ended about ten 
thousand years ago but vast tracts 
of land in the northern hemisphere 
still bear witness to the fact that 
moving ice can sculpture the land. 
It may seem strange that ice can 
erode rock which is much harder than 
itself. The answer lies largely in the 
pebbles and boulders which, gripped 
firmly in the ice, turn a moving 
glacier into a giant flexible file with 
considerable power to wear away the 


A_COMPOSITE BLOCK DIAGRAM SHOWING 
FORMER RIVER VALLEYS IN THE PROCESS OF BEIN: 


ING 
MODIFIED BY VALLEY GLACIERS. THE MAIN VALLEY HAS 


BEEN OVERDEEPENED BY ICE SO THAT ITS FLOOR IS 
NOW BELOW SEA LEVEL 
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land. But ice can erode on its own 
account too. Blocks of rock frozen 
into the ice may be torn bodily from 
the sides of a valley as a glacier passes 
through it. The rate at which a 
glacier can erode depends largely 
upon the speed at which it moves. 
Thus, the glaciers of Greenland, some 
of which move at the rate of sixty 
feet per day, are many many times 
more destructive than those of the 
Alps which travel just a few feet per 
day. Hence, a continental ice sheet, 
which advances very slowly indeed, 
would do little more than smooth the 
existing landscape. 

One of the most characteristic 
signs of glacial erosion is the U- 
shaped valley, with its flat boulder- 
strewn floor bounded by steep sides. 
These valleys are not entirely due to 
the action of glaciers; they were 
river valleys before the ice squeezed 
through them. Probably the most 
spectacular ice-shaped valleys are the 
fiords with their sheer bare rock walls 
towering above deep water. Glaciers 
were able to erode fiords below sea- 
level because ice needs to be almost 
submerged before it will float. But 
many fiords are fairly shallow near 
their mouth where a rocky bar or 
ridge, often capped with debris, rises 
from the valley floor almost to sea 
level. This threshold is due to a thinning 
in the depth of ice near the snout of 
the glacier. 

Many glaciated valleys have water- 
falls tumbling down their sides from 
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A glaciated valley showing the typical U 
Shape and truncated spurs. 


tributary valleys at a much higher 
level. These hanging valleys, which 
produce some of the highest waterfalls 
in the world, are probably due to 
the fact that size is a significant 
factor in a glacier’s ability to erode 
the land. The glacier which occupied 
the main valley would have been 
much bigger than its affluents and 
consequently more destructive. Hence, 
when the ice melted, the floor of the 
tributary valleys would have been 
left at a higher level than the floor 
of the main valley, the difference 
between the two depending upon the 
difference in size of the glaciers 
which squeezed through them. But 
the complete explanation of hanging 
valleys may not be as simple as this. 
It has been suggested that the dif- 
ference in floor level may be partly 
due to the fact that the tributary 
valleys contained glaciers after those 
in the main valleys had melted. 
Since running water is a more power- 
ful agent of erosion than moving ice, 
the main valley containing a river 
would have been eroded more quickly 
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LOW, CRAG AND TAIL. A TAIL OF 
BOULDER CLAY IS DEPOSITED IN THE 
LEE OF AN ISOLATED ROCK CRAG AS 
THE ICE MOVES OVER IT 
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than the tributary valleys containing 
glaciers. There is probably some 
truth in this, for tributary valleys 
facing away from the Sun (i.e. those 
which are likely to have contained 
glaciers the longest) are sometimes 
found to hang more than those on the 
opposite side of the main valley. 


Rocks carried great distances by glacters 
are known as erratics. If left in a pre- 
carious position, they are called perched 
blocks. 


Another hallmark of glacial erosion 
is the corrie, also known as a cwm 
or cirque. This is a large hollow in a 
mountain side and is frequently found 
in glaciated highlands. Many are now 
occupied by small lakes but once they 
marked the head of valley glaciers. 
Corries have a tendency to work back 
up the mountain side as their walls 
are ‘shattered’ by frost and ‘plucked’ 
by moving ice. Sometimes it happens 
that two corries almost meet and the 
narrow wall of rock which then 
separates them is known as an aréte. 
If there are corries all around a 
mountain they are likely to produce 
a pyramidical peak such as the 


THE SAME LANDSCAPE AFTER THE GLACIERS HAVE MELTED AWAY. 
THE SEA HAS INVADED THE OVERDEEPENED MAIN VALLEY TO 


FORM A FIORD. 


ICE MOVEMENT 


The elongated tapering ends of drumlins 
indicate the direction of ice movement. 


Matterhorn. 

Glaciation is not entirely a des- 
tructive process, for the material 
eroded in one place must eventually 
be dropped in another as the ice 
melts. The plains of England and 
northern Europe are literally plastered 
with boulder clay robbed from such 
places as Scandinavia (which to this 
day suffers from a lack of good soil). 
It is a similar story in North America 
where material scraped from Canada 
now provides fertile farmland in 
central U.S.A. Boulder clay or till is an 
unsorted mixture of debris of all 
kinds ranging from fine rock flour 
to great boulders. weighing many 
tons. But the two main types are 
basal till, which is rich in clay, and 
superglacial till, which is more stony, 
much of the clay having been washed 
away by melt-water from the ice. 
Sometimes the boulder clay is 
plastered down as a collection of 
streamlined whale-backed mounds, 
usually less than a mile in length and 
rarely more than 200 feet high. These 


HANGING VALLEY 


are drumlins and when grouped to- 
gether they form what is aptly termed 
‘basket of eggs’ topography. 

The accumulations of rock debris 
which are carried and deposited by 
glaciers are called moraines. Boulder 
clay or till deposited from the under- 
side of a glacier forms the ground 
moraine. Lateral moraines result from 
rock fragments falling on the sides 
of a glacier and when two glaciers 
meet the inner lateral moraines unite 
to form a medial moraine. Then, at the 
snout of a glacier, debris is piled up to 
form a terminal moraine if the ice front 
remains stationary long enough. Many 
of the world’s lakes are caused by 
moraines acting as natural dams. 

The melt-water from a glacier or an 
ice sheet plays its own part in erosion 
and deposition. Eskers are long wind- 
ing ridges of sand and gravel which 
run roughly parallel to the direction 
of ice movement. The material is 
deposited by water which is confined 
to a narrow channel under the ice. 
Occasionally eskers have a beaded 
appearance, the beads marking the 
mouth of the subglacial stream during 
periods of stillstand when the rate at 
which the glacier or ice sheet advanced 
was exactly balanced by the rate at 
which the ice melted back. Outwash 
fans show where the subglacial streams 
left their confined channel under the 
ice. A sudden checking of speed as 
the water spread out over the land 
resulted in the deposition of the 
material they were carrying. The 
erosive action of melt-water may be 
considerable when normal drainage 
is upset by ice and a new outlet 
channel has to be cut. 
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EROSION PRODUCES 
A GLACIAL STAIRCASE 


BY Rennie 
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Gamma rays are produced by nuclear 
reactions which may be initiated by par- 
ticles from a cyclotron. 


Metal target being bombarded with high- 
speed electrons to produce X-rays. 


THE SPECTRUM 
Seen and Unseen 


HERE seem to be considerable 

differences between X-rays and 
radio waves. Both of these appear to 
differ from gamma (y) rays (which 
are penetrating rays which have even 
been detected after passing through 
an 8-inch thickness of lead), visible 
light rays and invisible ultra-violet 
rays. Yet all of these are similar in 
character. All are electromagnetic 
vibrations and over long distances 
they travel in straight lines. None 
is deviated from its path by a magnetic 
field. All travel at the same speed in a 
vacuum, that of light, 186,000 miles 
per second, or measured on _ the 
metric system, 30,000,000,000 cms./ 
sec. This can be written as 3X 101° 
cms./sec. The only difference between 
them is that they have different wave- 
lengths. 

By passing it through a triangular 
wedge of glass (prism), ordinary white 
light can be split up into a whole 
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Energy in electron volts 
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range of colours. The jumbled mix- 
ture of wavelengths is sorted into an 
ordered range and consequently the 
light separates into its component 
colours, each colour shade with its 
own wavelength. This range of colours 
is known as the visible spectrum. 

Because most electromagnetic vi- 
brations are so very small, it is in- 
convenient to measure their wave- 
lengths in centimetres. The Angstrom 
(A) is used instead. One Angstrém is 
a hundred millionth of a centimetre, 
i.€. maom OF 10-8 cms. 

Light has wavelengths ranging be- 
tween 3,800 A (violet) and 7,600 A 
(red light). The other colours of 
the spectrum have wavelengths some- 
where between these two values. But 
the limit of human vision is by no 
means the limit of the spectrum. 
Beyond the violet end of the light 
spectrum lies the region of ultra- 
violet, and beyond that are X and 


AN ELECTRON VOLT IS A CONVENIENT UNIT FOR EXPRESSING 
THE ENERGIES OF ELECTROMAGNETIC WAVES, OR OF ANY 
A 


WHICH AN ELECTRON WOULD HA 
TED THROUGH AN ELECTRICAL PRESSURE DIFFERENCE OF | 
VOLT. 


Ultra-violet radiation being given off in 
a gas discharge, and causing fluorescence. 


gamma rays which are not found by 
splitting sunlight. Neither are radio 
waves, which lie well beyond the red 
end of the spectrum. Ultra-violet rays 
can have wavelengths from 3,900 A 
down to 136 A. The shorter ultra- 
violet rays are similar to X-rays, 
only they are produced by different 
means. X-rays range from 1,020 A 
to o-06 A. Gamma (y) rays are of 
even shorter wavelength (1-4-0-01 
A). Ultra-violet, X and gamma rays 
are all of shorter wavelengths than 
the visible spectrum. Infra-red and 
radio waves are of longer wavelength. 
Infra-red wavelengths vary from 7,700 
A to 4,000,000 or 4 x 10° A, and radio 
waves from 2-2 10° A up to 10% A 
(10,000,000 or 107 cms.). Radio wave- 
lengths are often measured in metres. 
For example, Radio Luxembourg 
transmits on the medium waveband 
at 208 metres, and the Light pro- 
gramme is broadcast on the long 
waveband at 1500 metres. 

Gamma (y) rays, like all other elec- 
tromagnetic waves, are produced by 
changes taking place within atoms. 
These rays have extremely high 
energies, so it is not surprising that 
they are produced by some nuclear 
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Visible light, produced by incandescent 
lamps and carbon arc lamps. 


reactions. When one radioactive ele- 
ment changes into another, changes 
take place within the nucleus of the 
atom. For example, when protons 
(hydrogen ions) are fired at a target 
of carbon, a proton can enter and 
become part of the nucleus. The new 
heavier atom is an atom of an isotope 
of nitrogen. But the new nitrogen 
atom is slightly lighter than the total 
weights of the carbon atom and 
proton from which it was formed. 
Mass appears to have been lost. The 
lost mass has been converted into 
energy as gamma radiation. Gamma 
rays are also given off when some 
naturally radioactive materials, such 
as radium, decay. It is the gamma 
rays that make radium of use in the 
| treatment of cancer. Gamma rays can 
| be detected by the photoelectric effect. 
_ When they are directed on to a 
special metal plate sealed in a vacuum, 
the plate gives off some electrons. 
These are collected by a metal cup 
and pass round a circuit as an 
electric current. This effect is not 
peculiar to gamma radiation. X-rays, 
ultra-violet, light rays and infra-red 
radiation all, under the right cir- 
cumstances, create photoelectricity, 
and this can be used for their detec- 
tion. The photographer’s light meter 
works on this principle. 

X-rays fall into two categories, 
hard and soft. The hard X-rays have 
high energy and are harmful to the 
body. They are used in the treatment 
of cancer. The soft ones with less 
energy are used in X-ray photography. 
X-rays are produced in a sealed tube 
which has been evacuated. X-rays 
come off when high-speed electrons 
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Infra-red radiation (heat rays). 


NUCLEUS 


Types of radiation given out when electrons 
fall into shells of lower energy. Atoms 
Showing electron shells. They are labelled 
K, L, M, etc., in the conventional manner. 
In more elementary articles they were 
labelled A, B, C, etc.) 


are fired at a metal target. Whether 
they are hard or soft depends on the 
pressure of the small amount of gas 
remaining in the tube. When the gas 
pressure is low, a high voltage is 
needed to operate the tube. The bom- 
barding electrons are of high speed 
and the X-rays given off are penetrat- 
ing hard ones of high energy. Higher 
gas pressures produce soft X-rays. 
The nucleus of the bombarded atom 
does not take part in their formation, 
only the surrounding electrons. The 
shell of electrons closest to the nucleus 
is known as the K shell. The L shell is 
the next, followed by the M and N 
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Radio waves. Electromagnetic waves are 
produced by oscillating currents in electric 
circuits. 
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shells. When a bombarding electron 
knocks an electron out of the tightly 
bound inner K shell, the one removed 
goes into an outer shell and an outer 
electron moves into the K shell to take 
its place. In this shell it needs less 
energy, so the excess is given out as 
hard X-rays. When the bombarding 
electron has insufficient energy to 
remove a K electron it removes an 


863 


+) 


PROTON ABOUT 
TO HIT CARBON 
ATOM 


GAMMA RAYS RESULT FROM DISTURBANCE: 
WITHIN THE ATOMIC NUCLEUS 


cleus K 


Production of hard X-rays. (Soft X-rays 
are produced by knocking electrons out of 
the L shell.) X-rays are usually produced 
by bombarding heavier, solid elements. 


Radio waves are produced by the vibrations 
of electrons and nuclei in a magnetic or 
electric field. 
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Reactions involving an atomic nucleus sometimes produce gamma rays. This happens when 


carbon atoms are bombarded with protons. 


L one instead. An outer electron 
moving into the gap in the L shell 
releases less energy, so the X-rays are 
soft. Like light, X-rays are reflected 
by mirrors. Crystals of pure salt can 
be used instead of glass to bend the 
path of X-rays, sorting them into their 
different wavelengths. Like light, they 
blacken a photographic plate, have a 
photoelectric effect and a slight heat- 
ing effect on obstacles in their path. 
Ultra-violet lamps are quite well 
known. Because of some invisible 
violet light mixed with it, the radia- 
tion has a violet tinge. When it falls 
on teeth or finger-nails it makes 
them fluoresce. Ultra-violet rays are 
absorbed and visible light is emitted. 
In fluorescent lighting the ultra- 
violet radiation inside the glass tube 
excites its lining of fluorescent powder 
and white light is given out. Ultra- 
violet radiation is used for killing 
germs on wounds and for controlling 
bacteria in food. It is produced by 
passing an electric discharge through 
a gas such as mercury vapour at low 
pressure. Ultra-violet radiation is of 
less energy and longer wavelength 
than gamma or X radiation. The 
electric discharge excites the atoms of 
gas, giving electrons in the K shell 
enough energy to jump into an outer 
shell. They quickly jump back again, 
and in doing so give out parcels of 
energy as ultra-violet radiation. Ultra- 
violet light affects a photographic 


plate and exhibits a photoelectric 
effect. 

Visible light, ranging from high 
energy violet to lower energy red, is 
given out by electrical discharges and 
by substances at high temperatures. 
Here again the atoms become excited 
(in this case by heat). Electrons jump 
out of the M shell and quickly jump 
back again, giving out light energy. 
If they have only jumped back one 
shell, not much energy will be emitted 
(red end of the spectrum). If they 
have jumped back through more 
shells then the light emitted will be at 
the violet end of the spectrum. The 
human eye is a good detector of light 
rays. They affect a photographic 
plate and also have a heating effect. 

Infra-red rays are similar to light 
rays, only they lie beyond the range of 
our vision. They are produced by 
electrons jumping in and out of the 
M or N shell. The best way of detect- 
ing them is by their heating effect, but 
those nearer the visible end can also 
be photographed. Although they can- 
not be seen, photographic plates are 
sensitive to them. 

Radio waves are given out by oscil- 
lations of electric circuits and de- 
tected by the reverse process of mak- 
ing resonant electric circuits oscil- 
late in time with them. They too can 
be detected by their heating effect. 
In an oscillating circuit, charge builds 
up across a condenser and then dis- 
charges into the windings of a choke 
(coil). Electromagnetic radio waves 
are given out as the current flows 
through the choke, producing electro- 
magnetic energy in the core. The 
alternate charging and discharging of 
the condenser follow each other in 
rapid succession, giving rise to radio 
waves. 


INDUSTRIAL CHEMISTRY 


OPPER is one of the few elements 
to be found in the Earth’s crust. 
But although native copper crystals 
are of interest to the geologist they 
are not present in sufficient quantities 
to be of great commercial importance. 
Most copper is found in copper ores 
where it is often combined with iron 
and sulphur. This is not surprising for 
copper, iron and sulphur were all 
belched up from the molten core of 
the Earth together, fighting their 
way through seams and cracks and 
often penetrating the pores of rocks. 
The world’s main sources of copper 
are in the U.S.A., Northern Rhodesia, 
Chile and Canada. 
About 33 million tons of copper are 
smelted annually, over 25°% of which 


Cone crusher in which 5-inch lumps of ore 
are crushed to 14-tnches. 


is scrap copper being re-used. The 
rest is obtained from ores. The most 
commonly used ore is _ chalcopyrite 
which, if it is pure, contains about 
343% copper. However, because of all 
the other dirt mixed with the mineral, 
the ore that is mined usually contains 
no more than 1 or 2% of copper. 
Richer copper ores may contain up 
to 5%. 

Most copper has to be mined by 
sinking deep shafts into the ground 
and driving tunnels through to the 
ore-bearing face. Explosives are used 


to loosen the ore which is sometimes 
crushed before taking it to the surface. 
Occasionally it lies near enough to the 
surface to strip off the covering layer 
of soil and rock, and enable it to be 
mined open-cast. 

Some low grade ores and oxidized 
ores are often not mined but instead 
have the copper dissolved out of them. 
Dilute acid is poured over the ore and 
collected when it has drained through. 
Later, the liquid is put in large vats 
with lumps of iron. The iron takes 
the place of the copper in solution 
and the copper comes out. It is later 
further refined. 

The sulphide ores coming from the 
mines contain such a high percentage 
of rubbish and such a low percentage 
of useful mineral that the two must 
first be separated. The ore is crushed 
into 5-inch lumps between the gigantic 
jaws of powerful crushers and then 
passed through a kind of sieve called 
a grizzly to remove the smaller pieces 
which do not need further crushing. 
The.5-inch lumps are crushed to 14 
inches by a cone crusher. This is a 
large strong pear-shaped steel vessel. 
Inside it is a huge pestle which rotates, 
grinding the ore. The pestle is a very 
loose fit at the top of the vessel and a 
much tighter fit at the bottom. 
Falling lumps of ore are crushed 
against the sides of the vessel becoming 
increasingly smaller as they fall. 
Further crushing in a similar vessel 


Ball mill. The bombarding of the steel 
balls grinds the ore to a powder. 


reduces them to $-inch lumps. Finally 
they are reduced to a powder in a ball 
mill. This is a rotating drum con- 
taining a lot of steel balls which rattle 
round it bombarding and grinding 
the ore. 

The mineral particles can now be 
separated from the dirt by flotation. 
Water makes particles of dirt sink to 
the bottom. The mineral is buoyed 
up and floats. To help this process 
pine oil is added to the water and the 
water is whisked into a froth. The 
useful mineral is carried along in the 
froth which is skimmed off while the 


Flotation cells in which the mineral is separated from unwanted material. The mineral 


floats in a froth whereas the dirt sinks. 


Converter in which the copper is set free 
from its compounds. 


unwanted dirt sinks to the bottom. 
The water is cleaned and used again. 
The concentrate of copper ore is filtered 
and ready for smelting. The con- 
centrate often also contains gold and 
silver. The treatment from now on 
depends upon the type of ore being 
used. Native copper, oxide and car- 
bonate concentrates may be smelted 
without further treatment but sulphur 
and iron-containing concentrates have 
to be roasted first. The roasting which 
takes place in a furnace has the effect 
of drying the concentrate and driving 
off some of the sulphur as sulphur 
dioxide gas. The hot powder resulting 


Electrolytic tank in which the copper 1s 
finally purified. 


i 


I Fy es 


EEL Ebi p eR KER pHEt 


“ay Sos a, 


HOPPER 


SILICA 
BRICK 


FIRECLAY} 


STEEL 
FRAME 


SLAG HEARTH 


Sar 


Section of a smelting furnace. 
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from this treatment is known as 
calcine. It is a mixture of copper 


sulphide, iron sulphide and iron 
oxide. 

Smelting. The purpose of smelting is 
to remove unwanted earthy consti- 
tuents. Limestone is used for this 
because it combines chemically with 
the earth, forming slag. Combination 
also takes place between the unwanted 
iron oxide and the silicon dioxide in 
the earth. 


CaCO, + SiO, —> CaSiO; + CO, 
limestone silicon slag carbon 
dioxide dioxide 
FeO + SiO, —> FeSiO, 
iron silicon slag 
oxide dioxide 


The smelting nearly always takes 
place in coal, oil or gas-fired brick 
lined furnaces although there are a 
few electrically heated ones. The 
latest methods, however, involve using 
the heat given out by the chemical 
reactions. This is known as flash 
smelting. Here, the dry calcine is 
blown into the furnace by gusts of 
air or oxygen. The heat given out by 
the reaction is sufficient to start the 
reaction of the charge blown in. The 
liquids in the furnace settle into two 
layers. Slag floats on top of the 
copper-containing matte layer. The 
slag is run off from time to time. 

The matte is ladled into a converter 
in which the copper is finally set 
free. Air under pressure is blown 


through the molten matte, a mixture 
of copper sulphide and iron sulphide. 
The sulphur is blown away as sulphur 
dioxide gas and the iron is removed 
as a slag by the addition of sand. 
Although the air blown through is 
cold this does not cool the molten 
matte because once more the heat 
given out by the chemical reactions 
counteracts this. After several hours 
of aeration, the copper is cast into 
blistery cakes known as blister copper. 
Although blister copper is above 
98% pure this is not pure enough. 

Further refining takes place. Molten 
blister copper has more air blown 
through to oxidize and blow away any 
other impurities such as arsenic. In 
the course of this some of the copper 
is also oxidized and has to be changed 
back to copper by the reducing action 
of wooden poles which are fed into 
the furnace. The molten copper is 
again cast into blocks; this time called 
anodes because they are to be con- 
nected as anodes in the refining by 
electrolysis. 

The electrolytic tank is filled with 
acidified copper sulphate solution and 
sheets of pure copper form the 
cathodes. Under the influence of a 
direct electric current copper ‘dis- 
solves’ from the anode and deposits 
itself on the cathode. The impurities 
do not, and form a slimy mud under- 
neath the anode. The gold and silver 
in this mud often pay for the cost of 
electrolysis. 
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"THE green mould on a lump of 
cheese, the wispy growths on stale 
bread, and the brightly coloured toad- 
stools of the woods may not appear to 
have much in common but all are 
members of the plant group called 
_ Fungi. The body of a fungus normally 
consists of fine threads (hyphae). 
Chlorophyll is completely absent from 
fungi and they cannot therefore manu- 


' Saprolegnia exists on dead organisms in 
| water. It reproduces itself by mobile zoo- 
| spores (left) and by fusion of male and 
female structures (right). 


facture food from the carbon dioxide 
and water in their surroundings as 
normal plants do. They are not.» 
capable of photosynthesis and not_\j 
dependent upon sunlight. Many of “4 
them live in complete darkness. They } 
must rely for food on ready-made | 


organic matter which is absorbed by 
the threads from the material on which 
they grow. In this respect fungi 
resemble animals which also need 
ready-made food. The threads often 
release digestive juices which liquify 
the food material. Many of the fungi 
are parasites, absorbing food from 
living organisms. Those which exist 
on dead material — leaves, twigs, 
leather, etc., are called saprophytes. 
They play an important part in the 
economy of nature for they break 
down dead organisms and release 
material for use by other plants. 

As food and water are absorbed, the 
threads of the fungus increase in 
length and frequently branch. Growth 
is far less complicated than in the 
higher plants for there are no special 
tissues in the fungi. The threads are 
simple tubular structures whose wall 
consists of various types of cellulose 
and nitrogen compounds. They con- 
tain protoplasm, nuclei and droplets 
of oil which act as food reserves. 
Pigments occur in the coloured 
varieties. The threads are sometimes 
divided by cross-walls into cells, each 


LANTS THAT NEED NO SUNLIGHT 


with one or two nuclei. 

Fungi are classified according to 
their structure and the way in which 
they reproduce. There are three major 
groups. 

Phycomycetes 

The threads of these fungi are not 
divided up into separate cells. Many 
of the species live in water or are 
parasites of flowering plants. 

Saprolegnia lives in water where its 
white threads are common on dead 
twigs, insects and even on injured 
fishes. The threads branch over and 
through the tissues and frequently 
swell at the tips. The swollen tips 
(sporangia), containing many nuclei, 
are partitioned off from the rest of the 
thread by a wall. Each nucleus 
becomes associated with a piece of 
protoplasm which rounds off and 
produces two whip-like flagella. The 
tip of the thread opens and the tiny 
bodies swim away by means of their 
flagella. Actively swimming bodies 
like this are common among lower 
plants. They are called zoospores. 
Each zoospore, if it reaches a suitable 
place, grows into a new thread of 


Cup-fungi such as Peziza are Ascomycetes. The fruiting bodies 
develop after two threads have joined. Spores develop in the fruiting 


bodies in special cells called asci. 
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fungus. Because of the large number 
produced, it is rare for a single 
zoospore to develop alone — there are 
usually a number of others close at 
hand. The zoospores are thus agents 
of asexual or vegetative reproduction. 
Saprolegnia has another method of 
reproducing itself, especially towards 
the end of its life. Tips of branch- 
threads swell up and become parti- 
tioned off. There are two types of 
swelling — usually close together. The 
larger one is the female structure 
whose nuclei and protoplasm form 
sex-cells. The male structure is club- 
shaped and grows into contact with 
the female structure. The male cells 
then pass into the female structure 
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Mucor — the common Pin Mould of 


the higher fungi. 

In Mucor, the tips of side-threads 
are partitioned off and those of 
opposite strains join together. The 
nuclei join in pairs and a hard wall 
forms around them. This is the 
zZygospore, corresponding to the ‘egg’ 
of Saprolegnia. When the zygospore 
a §86germinates, after meiosis, it puts out 
a single thread which bears zoospores 
at its tip. These are distributed and 
form new threads. Most of the life of 
these fungi is spent in the haploid 
state (2.e. the nuclei have only one set 
of chromosomes). Only the sexual 
zygospores have two sets. This is in 
contrast to the higher plants and 
animals whose body cells have two 
sets of chromosomes. This is because 
in the higher organisms the reduction 
of the chromosome number takes 
place just before sex-cells are formed. 


bread, leather, etc. — is another 
member of this group of fungi but 
differs in two important ways. The 
asexual zoospores have no flagella for 
they would be no use in the drier 
conditions under which Mucor lives. 
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Paicor 3 pias on many materials such as ae bread where it 
forms a fluffy mass of threads. The non-sexual spore-containing 
organs (sporangia) are black and release air-borne spores. When 
threads fuse they form zygospores which are very resistant. The 
zygospore germinates and produces a sporangium. 
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and join with the female sex-cells 
forming a number of oospores or ‘eggs’. 
The nuclei join together and a hard 
wall forms around the ‘egg’. It can 
resist bad conditions such as drought 
and then, after division by meiosis, 
which reduces the chromosome num- 
ber, it puts out a new thread with a 
single set of chromosomes in the 
nuclei. 
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The spores are distributed by wind or 
by insects. There are no distinct male | 
and female structures but not all the 
threads act alike. There are two. 
physiologically different strains (called 
plus and minus) and when the two’ 
meet they form reproductive struc- 
tures. The occurrence of two physio- — 
logically different strains is called 
heterothallism and is found in most o 


The common mushroom starts life as a 
single thread, which branches and eventu- 
ally joins with another. The fruiting bodies 
develop from knots of threads and then, 
when nearly complete they grow rapidly by 
absorbing water. The cap breaks away from 
the stalk and exposes the gills which are 
shown in greater detail at right. 


Ascomycetes 

The threads of these fungi are 
divided into ‘cells’ each with, nor- 
mally, a single nucleus. Many are 
important parasites but the most 
obvious are the brightly coloured 
cup-fungi, such as Peziza, which live 
on dead logs and the like. The sexual 
spores are formed inside special cells 
called asci (singular ascus) which 
normally occur in ‘fruiting bodies’ 
made up of masses of tightly packed 
threads. The fruiting bodies are often 
brightly coloured. 

There are usually two different 
strains of threads which will produce 
fruiting bodies only when they meet. 
The threads join but the nuclei 
remain separate. The threads continue 
to grow and produce more cells, each 
with two nuclei. These threads and 
branches of the original ones form the 
fruiting body. The spore-chambers 
(asci) develop at the tips of the 
threads which have two nuclei. In a 
cell, at or near the tip, the nuclei fuse 
and then divide into eight. Each new 
nucleus takes on some protoplasm 
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and forms a spore. The spores are 
released when the spore-chamber 
opens. Spores of both strains are 
produced, and later grow into new 
fungus threads. 
Basidiomycetes 

To this group belong the most 
familiar fungi — the mushrooms and 
toadstools. Their early life is much 
like that of the previous group — they 
exist as fine branching threads on 
dead leaves, manure, etc. When 
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threads of opposite type meet, they 
again produce fruiting bodies of 
closely matted threads, some of which 
have two nuclei in their cells. The 
fruiting body of the mushroom 
develops underground as a small 
knot of threads. Its structure is almost 
fully formed before it appears above 
ground, and then, by absorbing large 
amounts of water, it grows up into 
the air and opens out into the typical 
umbrella-shape. On the underside of 
the cap there are many radiating 
gills which bear the spores. The 
threads bear club-shaped cells at the 
tip and in these cells (the basidia) the 
two nuclei fuse. They then divide by 
meiosis and the four new nuclei pass 
into four tiny swellings on the outer 
end of the cell. These are the tiny 
spores (basidiospores). They fall when 
ripe and are distributed by wind. 

In the cultivated mushroom, only 
two spores are formed at the tip of 
each cell so that each spore has two 
nuclei. There is no need for two 
different threads to meet before pro- 
ducing fruiting bodies in this case, 
because the threads already have two 
nuclei, 

Some other fungi of this group have 
numerous pores on the underside 
instead of gills. The spores are pro- 
duced on the linings of the pores in 
these cases. Many of the bracket 
fungi on trees are of this type. 
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HE Optical Rangefinder, as its 
name implies, is used for measur- 
ing the distance between an observer 
and some remote but visible object. 
Apart from military applications, 


* 


rangefinders are used by photo- 
graphers to assist with accurate focus- 
ing of cameras. 

The underlying principle on which 
they work is the measurement of the 
base angles of the triangle formed by 
making the target the apex and the 
instrument the base. In order to 
simplify the operation it is usual to 
arrange for one of the base angles to be 
a right angle. The range indication of 
the instrument (in feet or metres) is 
then related directly to the other base 
angle. 

With practical instruments it would 
not be convenient to have two 
separate viewing points, as indicated 
by the two telescopes in the diagram, 
so the two telescopes are normally ar- 
ranged so as to have a common 


PLAN OF RANGEFINDER 


In the ‘turning prism’ instrument the position of one of the two images is varied by rotating a glass prism in which the image forming rays 
_ are reflected at the back surface. : ies ott 


eyepiece. Each telescope then pro- 
duces half of the complete image of 
the target. In one sort of instrument, 
the ‘turning’ prism type, light from 
the target passes through the left- 
hand objective (a convex lens), and is 
then turned through go° by the 
fixed prism. In the prism, the light is 
internally reflected at the back surface 
and a reduced and inverted image 
of the target is formed. An erecting 
lens puts this image the right way up 
in the plane of the face of the upper 
prism just in front of the eyepiece. 
This upper prism only reflects the 
upper half of the image from the left- 
hand objective, the lower half of this 
image is not used. In the same way, 
light from the target passes through 
the right-hand objective, is turned 


A simple experiment to demonstrate 
the rangefinding capability of the human 
eyes and brain in combination may be 
carried out as follows. Place a pin on the 
edge of a table as indicated. With a pair 
of tweezers held in one hand so that 
they close in a horizontal direction as 
shown, compare the time and effort 
needed to lift the pin with the tweezers, 
first of all using both eyes and then using 
one eye only. The other eye should be 
covered by the hand not holding the 
tweezers. 

With both eyes focused on the pin 
the brain has no difficulty in directing 
the movement of the hand with the 
tweezers. When only one eye is used, 
however, the brain receives insufficient 
data and consequently the operation of 
lifting the pin becomes very difficult. 


through something less than go° by 
the adjustable prism and a reduced 
and inverted image is formed as 
before. The right-hand erecting lens 
then erects this image in the plane of 
the face of the lower prism just in 
front of the eyepiece. Only the lower 
half of this erected image is used. 

In use, the instrument is turned in 
the direction of the target until the 
upper half image in the eyepiece 


field is in the centre. The instrument 
is then fixed in position and the right- 
hand prism turned until the lower 
half image in the eyepiece field is in 
the centre. The two half images now 
form a complete image in the centre 
of the eyepiece field, and the instru- 
ment is correctly directed at ‘the 
target. The range can now be read 
off from a graduated scale coupled 
to the adjustable prism. 


The picture below shows two officers using a rangefinder on a ship. 


(The Motor which” 
synchronises 
with the Mains 


N previous articles, it has been seen how an alternating 

voltage is generated in a coil which rotates in a magnetic 
field. If two similar coils are mounted on the same axis 
but at right angles to each other, as shown at the top left 
of the diagram, and the two coils are rotated together in 
the magnetic field, separate alternating voltages will be 
generated or induced in the two coils. In the diagram are 
shown nine stages during one complete revolution of the 
generator coils and immediately below this can be seen 
how the size of the induced voltage varies for each of the 
coils. For example, when the voltage induced in the blue 
coil is zero, the voltage induced in the red coil will be 
maximum. This is because the sides of the blue coil are 
moving parallel to and are therefore not cutting the lines 
of magnetic force or flux, whilst the lines of flux are being 
cut at the maximum rate by the sides of the red coil. The 
voltages induced in the two coils are then said to have a 
phase difference of 90°. In other words, the voltage in the 
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Rotation of the ‘red’ coil and the 
‘blue’ coil in the field of the fixed 
magnets produces electric cur- 
rents which activate the ‘red’ and 
‘blue’ solenoids. The magnetic 
fields of these solenoids are 90° 
out of phase with each other and 
are rotating, thus causing the bar 
magnet to rotate. 
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red coil reaches a particular value — say maximum positive 
-} of a revolution or period before the blue coil attains 
the same size. The arrangement is known as a two-phase 
generator or two-phase alternator, with each coil generating 
a voltage out of phase by 90°, with the other. 

In previous articles it was seen that a coil carrying an 
electric current behaves as if it were a bar magnet. The 
strength of the electromagnet is determined by the number 
of turns of wire in the coil and the size of the electric 
current which flows. The magnetic polarity is fixed by 
the direction of the current flow, with the North Pole 
always at the same end of the coil for the same direction 
of flow of current. If, however, an alternating current is 
made to flow in the coil, the strength and polarity of the 
magnetic field which will be produced will change in 
sympathy with the changing current. In other words, 
when the current flows in one direction, one end of the 
coil will act as a North Pole, and when it flows the other 
way, the same end will act as a South Pole. 

What happens when a two-phase alternator is con- 
nected to four similar solenoids arranged as is shown in 
the lower left of the diagram? Here, the red solenoids are 
connected in series with the red coil, and the blue solenoids 
are connected in series with the blue coil, of the alternator. 
The bar magnet is placed so that it is in the magnetic 
fields produced by the coils, and is suspended so that it 
can turn freely in the plane of the coils. As the alternator 
rotates, magnetic fields will be set up by the solenoid coils, 

re ENDS OF SOLENOID 
INDICATE THAT 


SOLENOID IS ACTIVATED 


pom ae 


9 


and the size of the field in each coil will depend on the 
current induced in them by the alternator. There will be 
nine separate stages, and each is shown in the diagram. 
At stage 1, red circuit current will be a maximum because 
the red alternator coil is at right angles to the field of the 
alternator magnet. The red solenoid field will therefore 
be a maximum and the polarity will be as indicated. 
Since blue coil voltage is zero at this instant, blue circuit 
current and hence blue solenoid field will be zero. The 
bar magnet will therefore take up the position shown, with 
unlike poles attracting. At stage 2, red and blue solenoid 


fields will be equal and so the bar magnet will have moved 
to the mid position shown. At stage 3, red solenoid field 
will have fallen to zero but blue solenoid field will have 
increased to maximum. The bar magnet will therefore 
now lie along the blue solenoid axis. And so on through 
the nine stages. The bar magnet has faithfully followed 
the rotation of the alternator coils through all the stages. 
This means that the magnetic field which has been turning 
the bar magnet has faithfully followed the rotation of the 
alternator coils, so a rotating magnetic field has been 
produced by the four stationary solenoids. 

Since the rotor, ic. the bar magnet, of a simple A.C. 
motor rotates in exact sympathy or in synchronism with the 
A.C. supply, this type of machine is called a synchronous 
motor. In practice it is usual to use an electromagnetic 
rather than a permanent magnet rotor. Then, the direct 
current for the rotor coils is supplied via brushes and 
slip rings similar to those used for the alternator above. 
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Arranging the ELEMENTS 


NE of the main purposes of all 
science is to arrange in a 
systematic manner information which 
has been collected by careful experi- 
ment and patient observation of the 
minerals and living organisms of the 
Universe. The system by which the 
chemical elements are now classified 
has been thoroughly justified following 
investigations within the past 50 years 
into the atomic structure of the vari- 
ous elements. However, Mendeleef, 
Newlands and Lothar Meyer had 
no such information to guide them 
when they set about classifying the 
elements 100 years ago. The only 
basis upon which they could build a 
classification was the known chemical 
properties of the elements themselves, 
and it is a mark of their brilliance and 
a credit to the accuracy of their 
observations and experiments that 
the final classification was so accurate. 
The expression ‘properties of an 
element’ embraces many aspects of 
its behaviour — whether it is a metal 
or non-metal, its resistance to attack 
by acids and alkalis, the elements with 
which it will join to form chemical 
compounds, and the nature of these 
compounds. Thus sodium and potas- 
sium are said to have similar chemical 
properties: both are reactive metals 
of low density which form similar 
crystalline salts with chlorine and 
other halogens. 


In the early years of the nineteenth 
century some form of classification of 
the chemical elements began to 
emerge. In 1800 only 33 chemical 
elements had been isolated, but during 
the next 60 years this total was almost 
doubled. With the discovery of more 
elements it became obvious that 
some of them, notably the alkali 
metals (lithium, sodium and potas- 
sium) and the halogens (fluorine, 
chlorine, bromine and iodine) were 
in some way related since the elements 
in each group have similar properties. 
However, such a classification did 
not accommodate all the elements. 
This was partly because certain mem- 
bers of some of the families had not 
been isolated and also because in 
some groups the resemblance between 
individuals is only slight. 

There was, therefore, a need for a 
more positive means of classification, 
perhaps based on measurements which 
would yield numerical values. The 
discovery and development of new 
materials during the nineteenth cen- 
tury contributed to better scientific 
apparatus and made possible more 
accurate experimental results. ‘Thus, 
before the introduction of rubber 
tubing in the 1840’s_ connections 
between pieces of apparatus could 
only be made with glass, pottery, 
metal or fibres. As a consequence, 
joints tended to leak, and results 


By obtaining more accurate values for the atomic weights of the known elements, Cannizzaro, 
Dumas and Stas prepared the way for Mendeleef to classify the elements. 
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were unreliable. 

As such improved apparatus and 
more accurate instruments became 
available, chemists and workers in 
other branches of science as well 
were not only able to extend their 
studies but also able to consolidate 
previous knowledge by repeating 
measurements in an attempt to obtain 
more accurate and reliable results. 

It was against this background that 
S. Cannizzaro, J. B. A. Dumas, J. S. 
Stas and others set out in the 1850’s 
to determine afresh the atomic weights 
of the known elements. The atomic 
weight of an element is the number 
of times one atom of it is heavier 
than an atom of hydrogen. (The 
standard upon which atomic weights 
are based has since been modified. 
All measurements are now related to 
the atomic weight of carbon isotope 
12 as exactly 12 mass units.) 

While studying the revised value 
for the atomic weights, John New- 
lands, a British industrial chemist, 
realized that there was some corre- 
lation between atomic weights and 
the chemical properties of the ele- 
ments. In 1865 he arranged the 
known elements in ascending order 
of their atomic weights and noticed 
that ‘the eighth element, starting 
from the given one, is a kind of 
repetition of the first’. Thus in his 
table fluorine is No. 8, chlorine 
No. 15 and bromine No. 29. New- 
lands likened this repetition to the 
octaves of the musical scale, and his 
deduction relating to the periodic 
repetition of similar elements became 
known as the law of octaves. 

In 1869 the Russian chemist Dmitri 
Ivanovich Mendeleef and Julius Lo- 
thar Meyer, a German, published 
somewhat similar Periodic Tables 
independently. They arranged the 
elements according to their atomic 
weights, in much the same way as 
Newlands had done, but both of 
them had the foresight to recognise 
the possibility of there being further 
elements still to discover. Accordingly 
they left gaps in the table for un- 
known elements, and in this way 


were able to accommodate elements 
with similar properties in the same 
column. The form of Mendeleef’s 
table of 1869 has been followed 
closely in the modern table. The 
elements were arranged in short 
sequences with similar ones under- 
neath each other. 

Not only did Mendeleef leave 
gaps in the table for new elements. 
He also deduced their more impor- 
tant properties from the properties of 
adjacent elements in the table. As is 
often the case with new ideas, che- 
mists were at first sceptical of this 
classification. Their attitude changed 
when the element gallium was dis- 
covered in 1875 and was found to 
have the properties which Mendeleef 
had predicted. 


The first two rows of Mendeleef’s 


table were much the same as in the 
modern table, except that the inert 
gases had not been discovered. (When 
the latter had been isolated, they 
were conveniently placed in Group 
O.) There were seven elements in 
each period :— 


Na Mg Al = Si P Sl 


and there are close similarities in the 
chemical properties of the vertical 
pairs of elements. In traversing the 
horizontal rows (or periods) there is 
a gradual change in properties of the 
elements from the alkali metals on 
the extreme left to the halogens on 
the extreme right (e.g. the former 
are reactive metals, while the latter 
are reactive non-metals). It will be 
noticed that in almost all cases the 
numbers at the head of each column 
correspond with one of the valencies 
of the elements in that column or 
group, though this may not be the 
predominant valency. Thus chlorine 
has valency one, as in hydrochloric 
acid (HCl), but an oxide (chlorine 
heptoxide, Cl,O,) is known, in which 
chlorine has a valency of seven. (It 
will be noticed that hydrogen has 
been ignored. This is because it 
resembles both lithium and chlorine.) 

The third and subsequent periods 
presented rather more of a problem 
to Mendeleef. Considering the third 
period as an example, there were 14 
known elements between the two 
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The periodic classification devised by Dmitri Mendeleef is the basis of modern inorganic 


chemistry. 


nearest halogens (chlorine and bro- 
mine) and between the two nearest 
alkali metals (potassium and rubid- 
ium). This gives rise to the first of 
the so-called long series which are 
now known to contain 18 elements. 
This third period contains the trio 
iron, cobalt and nickel, called transi- 
tion elements which were assigned to 
group 8. The first two elements, and 
the last five had properties very 
similar to the corresponding elements 
(seven in number) in the second 
(short) period, but the others did 
not fit in so well—this period was, 
however, written as two short per- 
iods :— 


The fourth period (the second long 
one) is similar to this. 

There was an even greater problem 
in finding space in this table for a 
group of 15 very similar elements 


known as the rare earths. They occur 
in very small quantities in monazite 
and other minerals, and have che- 
mical properties reminiscent of alu- 
minium. On the basis of their atomic 
weights which range between 138 and 
175 approximately, they should ap- 
pear in the fifth long period. Some of 
them were known at the time Mende- 
leef drew up his original table, while 
the last one — the radioactive element 
promethium—was made artificially 
but not until 1945. Except for the 15 
rare earth elements which are often 
put in one space, this fifth period is 
similar to the two previous long 
periods. 

The last period, the sixth, is still 
incomplete. All the elements in it are 
radioactive and only a few of them 
are naturally occurring. However, in 
the past few years a number have 
been produced artificially by nuclear 
bombardment. These elements from 
No. 89 onwards are regarded as 
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similar in constitution to the rare 
earths and in some tables are put in 
one space. In any case they are more 
the concern of the nuclear physicist 
than the chemist. 

One of the problems which faced 
Mendeleef when he compiled the 
table was the discrepancy between 
the atomic weights of tellurium and 
iodine. On the basis of its chemical 
properties iodine (atomic weight 
126.9) should fall beneath bromine 
in group seven of the table, while the 
slightly heavier element tellurium (ato- 
mic weight 127.6) should come before 
it, 7.e. in group six under selenium. 
Mendeleef’s action in transposing the 
order of iodine and tellurium has 
now been justified following investiga- 
tion of the structure of the atom. 

It has now been shown as a result 
of work by H. G. J. Moseley and 
others that the atomic number (2.e. 
the number of the element in the 
table of ascending atomic weights 
starting from hydrogen) corresponds 
to the number of positively charged 
protons in the nucleus of the atom 
and the number of negatively charged 
electrons orbitting it. The nucleus of 
each atom, except the hydrogen 
atom, also contains neutrons which 
are uncharged but of the same mass 
as the protons. The atomic weight of 
an element is numerically equal to 
the sum of the protons and neutrons 
in the nucleus. Thus there are 9 
protons and 10 neutrons in an atom 
of fluorine (atomic weight 19). Ato- 
mic weights which are not whole 
numbers are due to the existence of 
two or more isotopes of the element. 
These have the same number of 
protons but differing numbers of 
neutrons in the atomic nucleus. 

The compositions of the shells of 
electrons orbiting the nucleus has 
accounted for the groupings of the 
elements in the table. In the first two 
periods it is only the outermost 
shell which is incomplete, but it is 
found that the elements now known 
as transition elements in the third and 
fourth periods have the penultimate 
(or next to the last) shells also in- 
complete. The rare earth elements 
are so similar because they have the 
three outermost shells with some 
spaces unfilled. 
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Modern Table of Approximate Atomic Weights 


Atomic Number of Number of Atomic Atomic Number of Number of Atomic 
Number Element Symbol Protons Neutrons Weight Number Element Symbol Protons Neutrons Weight 


| hydrogen H I 0 1-0 55 caesium 55 78 132-9 
2 helium He 2 2 4:0 56 barium 56 82 137:3 
57. lanthanum 57 82 138-9 
58 cerium 58 82 140-1 
59 praseodymium 59 82 140-9 
60 neodymium 60 82 144-2 
61 = promethium 6l 86 (147) 
samarium 62 90 150-4 
europium 63 90 152-0 
gadolinium 64 94 157-3 
terbium 65 94 158-9 
dysprosium 66 98 162-5 
holmium 67 98 164-9 
erbium 68 98 167-3 
thulium 69 100 168-9 
ytterbium 70 104 173-0 
lutetium 7| 104 175-0 
hafnium 72 108 178-5 
tantalum 73 108 180-9 
tungsten 74 110 183-9 
rhenium 75 112 186-2 
osmium 76 116 190-2 
iridium 77 116 192-2 
platinum 78 117 195+1 
gold 79 118 197-0 
mercury 80 122 200-6 
thallium 8I 124 204-4 
lead 82 126 207-2 
bismuth 83 126 209-0 
polonium 84 125 (209) 
astatine 85 125 (210) 
radon 86 136 (222) 


sodium 
magnesium 
aluminium 
silicon 
phosphorus 
sulphur 
chlorine 
argon 


rubidium 
strontium 
yttrium 
zirconium 
niobium 
molybdenum 
technetium 
ruthenium 


rhodium Notes: (a) The atomic weights (in brackets) of the radioactive 
palladium elements are those of the most stable isotopes of the 
silver elements concerned. 

cadmium 


rndiaie (b) Where there is more than one naturally occurring 


isotope of a stable element, the composition of the 
tn nucleus (number of protons and neutrons) of the 
antimony most abundant isotope is given. (All isotopes of a 
tellurium particular element are made up of the same number 
iodine : of protons and electrons, it is only the number of 
xenon neutrons which varies.) 
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FAMOUS SCIENTISTS 


HENRI BECQUEREL 


AN TOINE Henri Becquerel was born 

in Paris in 1852 into a family of 
great scientists. Both his grandfather 
and his father were successively profes- 
sors of physics at the Musée d’ Histoire 
Naturelle in Paris. When it was 
decided that Henri should also follow 
a scientific career it could not have 
been imagined that only a few weeks 
of his work at the beginning of 1896 
would result in the discovery of 


Henri Becquerel (1852-1908), the French 
physicist who discovered radioactivity. 


radioactivity. This discovery, with 
others, led to a revolution in physics 
which has had an enormous effect on 
the world. 

In 1878, at the age of 26, Henri 
became an assistant at the Musée, and 
performed a lot of experiments in 
association with his father, who by 
this time had become Professor of 
Physics there. It was as a result of 
some of this work that ro years later 
Henri received his doctorate degree. 
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Much of his time was occupied 
investigating the absorption of light 
by crystals, and the effects of mag- 
netism on beams of light and on the 
phosphorescence of sulphides and 
compounds of uranium. 

By the year 1895 Henri Becquerel 
had followed his father as professor 
of physics at the Musée, and was also 
professor of applied physics at the 
Conservatoire des Arts et Métiers in 
Paris. Up to this time he had been 
known to be an outstanding physicist, 
but the discovery which was to make 
him famous was made during the 
months of January and February 
1896, only. 

Becquerel, up till then, had con- 
tinued his experiments in phosphore- 
scence. In the first days of 1896 he 
received word in Paris that Réntgen 
had discovered that X-rays excite 
fluorescence in certain substances. 
Becquerel immediately decided to see 
whether phosphorescent substances 
emitted rays, similar to X-rays, by 
placing the substances on a photo- 
graphic plate which was wrapped in 
black paper, and exposing them to 
sunlight. Only when using salts of 
uranium did he obtain fogging of the 
plate, showing that radiations came 
from these salts only. 

It was then, almost by chance, that 
Becquerel was led to realise that these 
radiations were of unknown origin. 

Because the weather had become 
cloudy, Becquerel put all his material 
into a drawer and awaited a sunny 
day. As a check, he then developed 
the photographic plate and found that 
the fogging had again occurred, even 
though the uranium salt could not 
have phosphoresced since it had been 
in darkness for some days. 

To see whether the effect depended 
on the uranium salts having previously 
been exposed to sunlight at all, 
Becquerel next prepared the salts in 
darkness. He also performed the 
experiment in darkness, but found the 
same result — the fogging of the photo- 
graphic plate did not depend on 
phosphorescence. 

After further work, and by noting 


that his newly discovered rays could 
pass through metal plates and still 
fog the photographic plate, though 
less intensely, Becquerel found that 
all salts of uranium, and the metal 
uranium itself, continuously give off 
invisible rays. He had discovered that 
uranium is radioactive. 

It is now known that Becquerel 
discovered one type of radioactivity — 
beta-ray activity, which is due to 
high-speed electrons leaving the 
nucleus of the atom-—in this case, 
the uranium atom. 

Within a period of about six weeks 
Becquerel had enough evidence to 
announce his discovery of spontaneous 
(or natural) radioactivity to the 
Academy of Sciences in Paris. This he 
did in February, 1896. 

Pierre and Marie Curie now began 
their work on radioactive elements in 
close association with Becquerel and 
in 1903 Becquerel received one Nobel 
prize, and Pierre and Marie Curie 
shared another. 

Nowadays it is generally considered 
that Becquerel discovered radio- 
activity by chance, but it is truer to 
say that he was looking for an effect 
so similar to radioactivity that he 
must have discovered it sooner or 
later, and he was so great a scientist 
that he quickly realised the import- 
ance of his evidence. 

Henri Becquerel, after further im- 
portant work in radioactivity, died 
in 1908 at Croissic in Brittany, but 
will be remembered — in the words of 
his Nobel prize award in 1903 — “‘for 
the discovery of spontaneous radio- 
activity.” 


ASTRONOMY 


PRECESSION* 


HE Earth rotates like a top upon its axis (a line 

drawn between the north and south poles) completing 
one revolution in about 24 hours. At the same time it 
is moving through space on an annual journey round the 
Sun. One of the oddities about our planet is the fact 
that the axis upon which it spins is not perpendicular 
to the plane of the Earth’s orbit around the Sun. Instead, 
it is inclined at an angle of 234° from the vertical. 

A ‘year’ is the time the spinning Earth takes to com- 
plete one orbit of the Sun. But there are different kinds 
of years. A tropical year is the time the Earth takes to 
move from one equinox back to the same equinox, or 
from one solstice back to the same solstice. The equinoxes 
are the two points in the Earth’s orbit when the tilt of 
the Earth is sideways on to the Sun and day and night 
are of equal length in all places. The solstices are the 
two points in the Earth’s orbit where the North Pole 
points either directly towards, or directly away from, 
the Sun, producing the longest days and shortest nights, 
or vice versa, depending upon the hemisphere. 

The sidereal year, however, describes the time taken by 
the Earth to orbit the Sun and come back to its original 
starting point as measured by the stars. As early as 
125 B.C. the Greek astronomer Hipparchus noticed that 
the two intervals of time are not the same, the tropical 
year being about 20 minutes shorter than the sidereal 
year. In other words the position of the equinoxes does 
not remain fixed among the stars, but ‘precedes’ the 
expected time. The reason for the precession of the equinoxes 
is the precession of the Earth’s axis. If we think of the 
centre of the Earth as fixed then the north-south axis 
moves slowly round in the opposite direction to the spin 
of the Earth to sweep out a double cone. All the time it 


The axts of a spinning top precesses like the axis of the spinning 
Earth. But there is one important difference between them. In the 
case of the top the axts precesses in the same direction as the spin. 
With the Earth precession takes place in the opposite direction to 
the spin. This ts because the twisting forces acting upon them are 


opposite. ———r"-~,, 
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The axis of the spinning globe describes a double 
cone as it precesses in the opposite direction to the 
spin of the Earth. It takes approximately 25,800 
years to complete one revolution. This diagram 
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maintains a constant yet tilted angle of oye from the 
vertical. The axis takes about 25,800 years to complete 
one circle and though this may seem a long time it means 
that the North Pole (as fixed in the Earth) moves about 
10 feet each day. At present one end of the Earth’s axis 
(the North Pole) points almost directly to Polaris, the 
Pole Star. In the year A.D. 2000 it will point directly 
at Polaris. In the year A.D. 14000 Vega will be the star 
directly above the North Pole and in about A.D. 28000 
Polaris will be the Pole Star once again. As the poles 
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swing round, the constellations visible 
from each hemisphere change. In the 
year 4000 B.C., for instance, the 
Southern Cross was visible from the 
present position of New York but it 
cannot nowadays be seen from there. 

The circle the Earth’s axis des- 
cribes, however, is by no means per- 
fect. Instead, it follows a wavy curve 
through space. This second effect is 
called nutation and always occurs with 
precession. A spinning top provides an 
example of both precession and nuta- 
tion. It rarely spins upright but 
usually at an angle and its tilted axis 
describes a slow irregular circle. But 
the precession of the Earth’s axis has 
a different cause from the precession 
of the spinning top’s axis. In the lat- 
ter case a twisting force or couple 
is caused by the weight of the top 
acting downwards and the equal up- 
ward reaction of the floor. The up- 
ward reaction is trying to turn the top 
away from the upright position. The 
Earth is also caused to precess by a 
twisting force but one which is pro- 
duced by different means from that 
operating on the top. The Earth bul- 
ges at the equator but owing to the in- 
clination of the axis this bulge does 
not lie in the plane of the Earth’s orbit 
round the Sun. Hence, the gravita- 
tional attraction of the Sun tries to 
pull the bulge into line with the 
orbital plane and the gravitational 
attraction of the Moon produces a 
similar effect. This is the twisting 
force which causes the Earth’s axis 
to precess in the opposite direction to 
the spin of the Earth. 

The precession of the Earth’s axis 
and the consequent precession of the 
equinoxes means that in just under 
13,000 years’ time the seasons will be 
reversed owing to the opposite tilt of 
the Earth’s axis. Or rather they would 
be reversed according to the stars. 
If we measured by the sidereal year, 
which represents one true orbit, the 
Southern hemisphere would be hav- 
ing its seasons at the same time of the 
year that the Northern hemisphere 
does now and vice versa. 


Left. Diagrams showing the effect of the 
precession of the Earth’s axis upon the 
seasons. 


Life in the SEA 


BOUT two-thirds of the surface of 
the Earth is covered by the sea. 
This means there are something like 
one hundred and forty million square 
miles of sea-surface. The average 
depth has been calculated at about 
twelve and a half thousand feet or 
over two miles, making a vast volume 
of water available as a home for fishes 
and other animals. In reality the 
oceans contain a number of different 
habitats, each with its own collection 
of animals; habitats such as the sea- 
shore, the high seas, and the ocean 
floor. Surrounding most of the land 
masses there is a submerged platform 
—the continental shelf—which slopes 
down to a depth of about six hundred 
feet. Beyond this is a steeper region— 
the continental slope—which falls away to 
the depths of the ocean. Conditions in 
these three regions differ considerably. 
All life in the sea—as on land— 
depends upon plants and their ability 
to manufacture food from inorganic 
substances by photosynthesis. This 
process requires sunlight—another 
factor to be considered in the economy 
of the sea. The depth to which light 
penetrates depends upon the amount 
of sediment in the water, but in the 
open ocean, dim light can be re- 
corded down to a depth of about 
two thousand feet. Below this, there 
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is the total darkness of the ‘deep 
sea’. Plants are restricted to the 
upper few hundred feet where there 
is enough light for photosynthesis. 
Seaweeds grow on the floor of the 
continental shelf, extending some- 
times to a depth of about 100 feet. 
Coastal waters are normally too 
cloudy to allow enough light to 
penetrate further. These seaweeds 
usually play only a small role com- 
pared with that of the floating micro- 
scopic plants of the plankton. The 
surface layers of the seas support a 
vast population of these tiny plants, 
which provide food for a host of 
microscopic animals—young fish, 
crustaceans and molluscs, together 
with protozoans and jellyfish. This 
animal plankton is eaten by the 
larger animals that complete the 
food chains in the sea. As these 
animals die, their remains fall to 
the bottom where they provide abun- 
dant food for the bottom-living ani- 
mals—the benthos. The latter—worms, 
molluscs, sea-urchins, etc.—form the 
diet of many bottom-feeding fish. 
The number of bottom-living ani- 
mals normally falls as the sea gets 
deeper—for there is less food material 
falling from above; dead organisms 
are eaten or decomposed before they 
reach the bottom. 


The Plaice starts life as a normally shaped 

ish, but owing to uneven growth of the skull 
both eyes come to be on the right side. The 
ish then lies on its left side. It can change 
its colour to match the background. 


Animals characteristic of the deep 
seas begin to appear at about fifteen 
hundred feet down. They include 
strange fishes, squids and many types 
of crustaceans—shrimps, prawns, etc. 
Many of them have light-producing 
organs to aid them in the deep, dark 
waters. The fishes are frequently 
fiercely carnivorous; many of them 
have huge mouths and have been 
described as ‘floating fish-traps’. 
Interesting as these deep-sea animals 
are, they are commercially unim- 
portant. The majority of fishes exist 
in shallows and the upper layers of 
the seas where there is plenty of food. 

The distribution of fish depends 
ultimately upon the distribution of 
the plankton. In tropical regions 
the warm surface waters do not mix 
with the colder, deeper water. This 
means that the material which sinks 
to the bottom is not replaced. These 
regions do not support such enormous 
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numbers of plankton—and therefore 
fish—as the cooler temperate regions. 
The food material released from 
the decaying organisms falling to 
the bottom is caught up in the deep 
ocean currents. When these currents 
come up against the continental 
slopes or the cold waters of polar 
seas, they rise, bringing abundant 
nutrient material to the surface. This 
supports an enormous growth of 
plankton and important fishing 
grounds occur. The Icelandic fishing 
grounds result from the meeting of 
the werm Gulf Stream and the cold 
East Greenland current. The latter 
sinks because it is denser and forces 
up the rich waters of the Gulf 
Stream. In shallow regions such as 
the North Sea there is continued 
mixing of the waters and plenty of 
river-borne material. Abundant 
plankton and benthos make the North 
Sea a valuable fishing ground. 

The Herring has already been des- 
cribed (page 840) as an important 
pelagic fish. Cod is certainly the 
most important demersal fish of Nor- 
thern waters. Demersal is a term used 
to cover those fish living on or near 
the bottom of the sea, as opposed to 
the pelagic fish such as Herring and 
Tunny which swim in the upper 
layers of open water. A full-grown 
female Cod may lay more than two 
million eggs in a season. The eggs 
float in the plankton and large num- 
bers of them and the young fishes 
are eaten. The young fishes feed 
upon the planktonic plants and ani- 
mals for two to three months and 
then (when about an inch long) 
they swim to the bottom. Here they 
feed on small crustaceans and other 
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bottom-living animals and_ reach 
maturity in about five years. By this 
time the Cod are about two feet long. 
The adults feed mainly on Herring 
and other fish. 

Closely related to the Cod is the 
Haddock—another important food 
fish. It inhabits the same regions as 
Cod but feeds upon the bottom- 
living molluscs, worms and _ sea-ur- 


chins. It therefore does not compete « 


directly with the Cod. The Hake is* 


another related fish, which lives in 
slightly deeper water over the edge 
of the continental shelf. It feeds on 
fish and squids. The latter abound in 
the open seas at about this depth 
and must play an important role in 
the economy of the sea. The smaller 
squids feed upon fish and crustaceans 
and in turn are captured by larger 
fish—Hake and Tunny for example. 
The larger squids, some of which 
extend into the depths, feed mainly 
upon fish. They themselves fall prey 
to the toothed Whales such as the 
Sperm-whale. 

To return to fishes, some of the 
most interesting demersal types are 
the flat-fish—Plaice, Flounder, Sole 
and Turbot, to name only a few. 
These fishes are flattened from side 
to side and they lie on one side on the 
sea-bed. The first three all lie on 


their left side, whereas the Turbot 
lies on its right. They have an in- 
teresting life-history during which 
the flat-fish characters develop. 

The Plaice is an important fish in 
the North Sea and is caught in large 
numbers by trawlers. In common 
with most other important fishes the 
Plaice lays floating eggs. The young 
begin life as normally shaped fish, 
feeding on the plankton for a few 
weeks. After about a month the 
skull begins to grow unevenly, with 
the result that the left eye is pushed 
over on to the right side. By now, the 
fish, seven or eight weeks old, has 
descended to the sea-bed where it 
rests on its left side. The upper (right) 
side is coloured and can be altered to 
match the background, whether it 
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The various regions of the sea, with their 
different conditions, support very different 
populations of animals. Plants are found 
only in the upper layers where there is 
light. 
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Tiny floating plants such as these are the 
first members of the sea’s food chain. 


be sand, gravel or some artificial 
background. The Plaice becomes ma- 
ture in four or five years, or even 
earlier if food is particularly abun- 
dant. The adults feed upon worms 
and molluscs. They swim by slow 
rhythmic movements of the body 
from head to tail. 

The eggs of the Plaice, like those 
of many other fish, are laid mainly 
in certain areas, to which the adults 
migrate before spawning (laying eggs). 
The floating eggs and young fishes 
then drift with the currents and by 
the time they are ready to descend to 
the sea-bed they are in a suitable 
region of good food supply. In the 
case of the North Sea Plaice the 
nursery grounds are off the coasts of 
Holland and Denmark. From here 
the developing fish move out to sea 
and then down towards the Channel 
before spawning. Currents carry the 
young fish back to the nursery grounds 
from here. 

About 750,000 tons of demersal fish 
are landed annually in Britain alone. 
To support such huge numbers of fish 
the plankton must obviously be a very 
abundant and nourishing food. This 
is well shown also by the fact that 
some of the largest creatures—the 
Whales—live entirely on the plank- 
ton. If Man could use the plankton 
as a direct source of food as well 
as an indirect one through the fishes 
this would be a large step towards 
solving the world’s food problems. 
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SOUND FILM 


PICTURE 


CAMERA 
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MIRROR 
GALVANOMETER 


The sound is received by the microphone which converts it into an electric signal which 
varies in frequency and size with the sound. This causes the galvanometer mirror to 
vibrate and causes the position of the friangull’ light patch to move across the slit, thus 
varying the width of the exposed track on the film. 


884 


N the cinema the sound reproduc- 

tion has to be accurately tied to or 
synchronised with the picture sequence. 
This is especially necessary when 
speech is being reproduced. To ensure 
that the visual and sound reproduc- 
tion will always be accurately syn- 
chronised they are recorded at the 
same time, in the studio or ‘on loca- 
tion’, on one strip of film. 

The recording of the visual side on 
photographic film follows normal 
practice with ciné cameras. The pic- 
ture track on the film is exposed, via the 
camera, to the light from the scene to 
be recorded. Photographic film is not, — 
however, suitable for the direct re- 
cording of sound. It is_ therefore 
necessary to convert the sound varia- 
tions, of pitch and volume, into re- 
lated variations of light. Sound from 
the ‘set’ is picked up by a microphone 
which converts the pitch and volume 
into electric currents. The rate of 
variation or frequency of the current is 
the same as the pitch, and the size of © 
the current is directly related to the 
loudness or volume of the sound. © 
These varying electric currents are 
amplified in size and fed into the coil 
or armature of a galvanometer. To the 
armature of the galvanometer is fixed 
a small plane mirror. When the 
varying current passes through the 
armature, which is suspended in a 
strong magnetic field, the armature 
and mirror vibrate or oscillate in 
sympathy with the current. Oscilla- 
tions of large amplitude are obtained 
for large currents, and a high fre- 
quency of rate of oscillation of the coil 
and mirror is obtained for sounds of 
high pitch. Light from a lamp is 
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A variable area sound track produced by 
exposing different portions of the triangular 
light patch. 


directed via a condenser lens and mask on to the mirror. 
' From the mirror the beam of light, which is of triangular 
‘section, is reflected through a lens on to a thin plate 
just in front of the moving film. In the centre of this plate 
isa fine slit. The patch of light moves up and down in 
‘sympathy with the vibrations of the mirror so the slit 
allows more or less light on to the film sound track. In 
_ this way, a very loud sound would cause the galvanometer 
mirror to reflect the top, or widest part, of the triangular 
patch of light on to the film through the slit. A barely 
audible sound would result in only the bottom tip of 
the triangular light patch going into the slit. 

Although the picture and sound effects are recorded 
simultaneously they are not recorded side by side on 
the film. This. is because the sound track must pass 
smoothly through the projector with light continuously 
traversing it, whilst illumination of the visual frames is 
‘shuttered’. The sound and visual tracks must therefore be 
illuminated separately, so the sound is recorded on a 
part of the film which is a fixed distance away (usually 
about 25 frames) from the corresponding picture record. 

When the sound and vision recordings have been 
completed, the exposed strip of film is processed in the 
usual way. It is then used as the master from which the 
circulation positives are made. 

Sound track recordings made as above are known as 
variable area. This means in effect that the sound variations 
are recorded as changes in the ratio of black to white 
areas in the exposed film. There is, however, another 
common method of recording sound on film which is 
known as variable density. In this method the sound track 


A variable density sound track produced by exposing bars of 
equal area but different density on the track. 


consists of a series of bars of varying greyness or photo- 
graphic density. A black bar would only allow a very 
small amount of light through and so it would correspond 
to a sound of low volume; a medium density or grey bar 
would correspond to a medium volume sound and a 
white bar to a large volume sound. 

At the cinema a circulation copy of the film is mounted 
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Light from the lamp is focused on the sound track and passes 
through to the photocell, where an electrical signal is produced 
in sympathy with the variations in density. The electrical signal 
is amplified and fed to the loudspeaker system. 


in a projector. Again, the picture reproduction is straight- 
forward. The sound track, which shows only variations in 
light, has now to be converted back into sound. This is 
done by focusing a narrow beam of light on to the sound 
track at the point which corresponds to the picture 
sequence being projected. The variations of the sound 
track then control the amount of light which passes to a 
photo-electric cell. The photo-electric cell converts the 
varying light signals into varying electric currents. In 
turn, the varying currents are passed into an audio 
amplifier and from this to the cinema loudspeaker system. 
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MERCU RY 


ERCURY is one of the oldest 
metals known to man. A small 
flask of it was found in a Meso- 
potamian grave dating from about 
the 16th century B.c. It was certainly 
known to the ancient Romans, who 
obtained it from the mine at Monte 
Amiata. Pliny described the metal 
as quicksilver (a ‘live’ metal), a 
name by which it is called today. 
Monte Amiata is still the most im- 
portant mine in Italy, second only in 
importance to the ancient mine at 
Almaden in Spain. Apart from in 
Spain and Italy, it occurs in associa- 
tion with the volcanic areas of the 
world, such as in Central America, 
Japan, Russia and China. 
As mercury is so easy to extract 


Cinnabar. The mineral ore from which 
mercury vs extracted. 


from its ores, the methods of extract- 
ing it have undergone very little 
change. It is mined as the deep red 
mineral, cinmnabar, whose chemical 
name is mercuric sulphide (HgS). 
When cinnabar is heated strongly it 
decomposes (the roasting furnaces are 
usually gas or oil fired). Mercury 
distils off as a vapour, and when the 
vapour is cooled in a condenser the 
mercury liquefies. This can be per- 
formed quite easily in a laboratory. 
The simplicity of the method is 
demonstrated by the fact that in 
Mexico today many prospectors distil 
their own mercury. They have small 
distillation pots which they carry 
around strapped to their backs. These 
can be filled with ore, a fire lit under- 
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neath and the vapour passed through 
a water-cooled coil to condense it. 
Finance houses buy the mercury 
from the prospectors in a similar way 
to that used by the gold-rush finance 
houses. 

Unwanted solid material can be re- 
moved from mercury by filtering it 
through a chamois leather. This is 
also very useful for cleaning dirty 
mercury in the laboratory. Where the 
very pure metal is required, it is 
usual after filtration to redistil it in 
a vacuum, and then wash it with 
dilute nitric acid by dripping the 
mercury down a tower so that it 
cascades through a column of the 
acid. It can be finally purified by 
electrolysis. 

Mercury has the ability to ‘dissolve’ 
most metals, forming amalgams with 
them. (An amalgam is a solution of 
metal in mercury.) Fortunately, be- 
cause iron does not dissolve in mercury 
it can be stored in steel flasks, each 
usually containing 76 pounds of mer- 
cury. (Mercury has been sold in 76- 
pound flasks since Roman times.) The 
annual world production is at present 
about 230,000 flasks, with Spain and 
Italy as the principal producers. 

Mercury is the only metal to be a 
liquid at room temperature. It is an 
exceptional liquid for it does not 
wet the sides of the vessel containing 
it. A finger dipped in it is quite dry 
on removal. It is very dense, weighing 
13°6 times as much as an equal 
volume of water. If mercury is poured 
into an ordinary glass test tube, the 
force of its fall usually smashes the 


EACH MERCURY MINE HAS 
ITS. OWN FLASK DESIGN 


Mercury is normally stored in steel flasks, 
each of which contains 76 pounds of the 
liquid. 


bottom of the tube. Hard glass test 
tubes must be used. 

It is not surprising that mercury is 
so dense, for it has the high atomic 
weight of 200-6. The atoms are built 
up with two electrons in the outermost 
unfilled electron shell. From this, 
mercury would be expected to havea 
valency of two, and indeed this is its 
valency when it forms its most stable 


The ores of mercury are crushed and then 
heated, to vaporise the metal. From the 


series of compounds, the mercuric 
compounds. Examples are mercuric 
oxide (HgO) and mercuric chloride 
(HgCl,). It also forms a series of less 
stable compounds; the mercurous com- 
pounds where the mercury has a 
valency of only one. Examples are 
mercurous chloride (Hg,Cl,) and 
mercurous sulphate (Hg,SO,). Mer- 
cury combines with chlorine and 
bromine at room temperatures, and 
dissolves readily in nitric acid, but it is 
largely unaffected by dilute hydro- 
chloric or sulphuric acids, or by 
alkalis. 

When mercury is heated in air, red 
flakes of mercuric oxide form on its 
surface. Stronger heating decomposes 
them, forming mercury and oxygen. 
Lavoisier used this fact to find the 
proportion of oxygen in the air. The 
heated mercury removed the oxygen 
but not the nitrogen. 

Mercury vapour and most mercury 
compounds are very poisonous and 


consequently must be handled with 
very great care. Because of this, rigid 
rules are laid down in factories using 
them. Although mercury vapour can 
be absorbed through the skin, poison- 
ing usually occurs by breathing in the 
vapour. The first sign is the appear- 
ance of a blue line on _ bleeding 
swollen gums. Later on the victim 
begins to totter drunkenly and may 


rotary furnaces the vapour passes through 
ducts into condensers. 


even start ‘seeing things’. The poor 
Mad Hatter was not really mad. He 
was suffering from mercury poisoning, 
a common occurrence among hatters 
who use mercuric nitrate when mak- 
ing felt hats from rabbit fur. 

The largest use of mercury is in the 
manufacture of caustic soda and 
chlorine. Here, the mercury forms 
the cathode in the electrolysis of 
brine. Sodium dissolves as an 
amalgam in the cathode and is later 
converted into caustic soda. During 
the electrolysis, chlorine is evolved. 

The second largest use is in elec- 
trical appliances. Mercury vapour 
lamps and fluorescent tubes are filled 
with vapour. When the vapour is 
ionised, it conducts electricity and 
excited ions and molecules emit light. 
The colour of the light varies with 
the vapour pressure of the mercury. 
Mercury forms the cathode in the 
mercury arc rectifier which changes 
alternating current into one-way 


direct current. The rectifier con- 
sists of an evacuated glass envelope 
with an iron anode and mercury 
cathode. Some of the mercury is 
vaporised in the valve when an arc is 
struck between a ‘starting’ anode and 
the cathode. This vapour, 
ionised, is capable of carrying very 
large currents, but only in one 
direction, so producing rectification. 
Many electrical switches also use 
mercury to make and break electrical 
contact. This is because, being a fluid, 
the mercury can completely surround 
a contact, thus creating excellent 
electrical continuity, as well as over- 
coming the problem of ‘pitting’ which 
arises in solid contact points in 
switches. 

Mercury is of course used in in- 
struments such as thermometers and 
barometers. 

One of the major faults of dry 
batteries is that bubbles of hydrogen 
collect on the cathodic surfaces, pre- 


In the mercury arc rectifier the metal is 
vaporized by means of the starting anode, 
and the main current 1s carried in the 
tonized vapour. 


venting them from working properly. 
The addition of mercury salts prevents 
this from happening and has led 
to the manufacture of very stable 
midget batteries which are used in 
satellites and electric wrist-watches. 

Mercury salts are useful poisons 
because they can be very effective in 
controlling bacterial and fungal in- 
fections occurring in many of the most 
important industrial processes. In 
agriculture, calomel (mercurous chlo- 
ride) is used for control of moss in 
lawns, and phenyl mercury com- 
pounds are used to protect many crop 
seeds (especially cereals) from fungal 


when ~ 


Mercury 1s the only common metallic liquid. 
At normal temperature it is easily poured 
JSrom one vessel to another. 


diseases during germination. Other 
organic mercury salts are used for 
fruit sprays, cotton plant treatment, 
sugar cane dip, protection of rubber - 
trees and many other applications. 
These compounds are also added to 
paint to prevent bacteria spoiling the 
paint in the can and to control 
mildew on the paint film after applica- 
tion. When paint looks dirty this is 
often due to a growth of mildew. 
Mercuric oxide paint is used on ships’ 
hulls to control the growth of barn- 
acles, for when ships become en- 
crusted their speed is cut considerably. 
The water systems of pulp and paper 
mills are frequently treated with 
mercury compounds to kill off bacteria 
which would otherwise make them 
slimy and foul, and to preserve the 
pulp from discolorations produced 
by fungi during storage prior to use in 
paper manufacture. Mercury salts 
are very efficient preservatives for a 
wide range of products including 
hides and skins, glues, some cosmetics 
and blood plasma. 

A number of compounds of mer- 
cury have medicinal uses and others 
are employed as catalysts in chemical 
processes. Mercuric thiocyanate made 
into small pills with gum tragacanth 
is used for indoor fireworks. On 
ignition these give a_ snake-like 
voluminous ash known as Pharaoh’s 
Serpent. Ground with chalk, mercury 
gives a fine grey powder used in 
fingerprint detection. Mercuric sul- 
phide is the red pigment vermilion. 
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The 


Purification 


of SEWAGE 


EWAGE is the waste matter from 

toilets, from kitchen sinks, baths 
and the liquid wastes from industry. 
It may also contain surface water 
from gutters and street drains de- 
pending on whether such fluids are 
piped directly into a river or to the 
sewage works along with other waste 
materials. All the drains connect 
with larger drains or sewers in the 
street and these in turn link with 
trunk sewers to convey the liquid by 
gravity or by pumping to the sewage 
works. The network of sewers is known 
as the Sewerage System. 

Water carriage systems were not 
introduced to this country until about 


Grit channels showing a bucket dredger 
(background) which removes the grit and 
discharges it into a tip wagon for disposal. 


1870. Prior to that, household sewage 
was emptied into the streets or 
drained into open ditches at the sides 
of the street. Water supplies were 
frequently contaminated, and diseases 
spread rapidly, particularly those 
caused by water-borne organisms. 
Factories, also, discharged polluted 
water into streams and rivers, making 
the water in them unfit for use. Fish 
and other water life was killed by the 
pollution. 

The need for purifying sewage and 
rendering it safe is obvious. But 
whereas sewage was once regarded 
merely as an obnoxious waste material 
which, once purified, was piped 
straight into the nearest river, today 
it is looked upon as a valuable raw 
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water supply which must be con- 
served. Methane gas is recovered dur- 
ing the treatment of the slurry of solid 
material (sludge) that has been settled 
out from the rest of the sewage. The 
quantity of gas obtained in some 
sewage works is enough to produce all 
the power that is required. Methane 
has also been compressed and used 
to run vehicles and it is possible that 
the sludge gas will be of value to the 
chemical industry since such sub- 
stances as methyl alcohol, formalin, 
acetylene and hydrogen can be made 
from methane. 

Sludge can be used as an agricul- 


tural manure or soil conditioner: it 
ait Ls 7 
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Two screens. The one on the right is raked 
mechanically; the other is hand-raked. 


is a rich source of nitrogen and helps 
to develop the humus content of the 
soil. Liquid wastes from the woollen 
industry contain soapy and greasy 
materials, the recovery of which is 
highly profitable. From them are 
extracted substances that protect 
against rust, soaps, axle greases and 
materials used in the manufacture of 
polishes and paints. 


Sewage treatment 

The content and volume of the 
sewage vary enormously from one 
sewage works to another, with the 
season, and which industries are near- 
by, and so on. The basic treatment 
remains very much the same from one 
works to another however. Sewage 


PURIFIED 
SEWAGE 


is rich in nutrients and in bacteria 
and other microscopic organisms 
(e.g. protozoans). If their growth is 
encouraged they can bring about 
remarkable chemical and physical 
changes. Indeed the process of sewage 
purification depends largely on the 
actions of micro-organisms and im- 
provements in the process have been 
concerned to a great extent with pro- 
viding better conditions for their 
growth and increasing the efficiency 
of their actions. 

Basically sewage treatment consists 
of the following stages: (1) Screening 
and grit removal. (2) Settling or 
sedimentation. (3) Oxidation by micro- 
organisms. (4) Final separation, a further 
settling stage. (5) Sludge disposal. 


Screening 

Before the sewage passes to the 
settling tanks, where suspended solids 
settle out, it is usual to intercept rags, 
sticks, etc., with screens and also to pass 
the sewage through small tanks or 
channels in which grit is removed. In 
these, the flow of sewage is main- 
tained at about one foot per second, 
since this rate of flow is sufficient to 
keep the liquid sewage moving and 


SEWAGE TREATMENT—A SIMPLIFIED 
FLOW DIAGRAM 
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not too fast to prevent the grit from 
settling out. To keep a constant flow at 
all times is a considerable problem 
since the rate of flow and type of 
sewage may vary. The grit is usually 
removed from the channels by 
dredgers, grabs or pumps. When 
washed it is suitable for use in land 
reclamation, building and repairing 
embankments and so on. 

All sewage works have screens or 
some alternative device, and some- 
times these come before and in others 
after the grit removal step. The bars 
of the screens are usually 4 inch to ? 
inch apart so that solids of larger dia- 
meter than this are trapped. Up- 
stream of these main screens there may 
be a set of coarser screens, the bars of 
which are about 4 inches apart. 
These intercept larger things such as 
bricks or timber. The waste matter 
collected by the screens is usually 
raked off them mechanically. It may 
be buried or burnt, though at some 
works it is cut up into fine pieces and 
returned to the flow of the sewage. 
Screening is not always used. Fre- 
quently a device called a comminutor 
is employed. The sewage is passed 
through this, the solids being cut up 
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or ground down to small pieces which 
pass through narrow slots in the drum- 
shaped part of the comminutor with 
the rest of the sewage, thus avoiding 
the separate collection and dumping 
of such solids. 


Settling or sedimentation 

After removal of grit and screening, 
the sewage is piped or channelled to 
the settling tanks. In these the sus- 
pended impurities settle out and are 
removed as a liquid sludge. The sewage 
in the settling tanks moves very 
slowly—so slowly that suspended 
particles sink to the floor of the 
tanks. As far as possible, the sludge 
is removed mechanically, by re- 
volving scrapers in circular tanks, 
or in rectangular tanks by scrapers 
that move up and down the length of 
the tanks. In circular tanks the sew- 
age is fed in at the centre of the 
tank and flows upwards and outwards 


A circular primary settling or sedimentation 
tank with a revolving mechanical scraper. 


FINAL SETTLING 
TANKS 


ACTIVATED SLUDGE 
PLANT 


A drawing of the Oxford Sewage Purification Works. The sewage 
dealt with here has already been screened and had the grit removed 
at a nearby unit. On the left can be seen the primary settling 
tanks. These feed into the aeration tanks (centre) and the final 
settling tanks (right). The large tanks beyond the primary settling 
tanks are the sludge digesters. 


to overflow weirs all round the edge. 
The sludge collects in or is scraped 
to the centre of the tank floor. In 
horizontal flow tanks (e.g. rectangular 
tanks) it is scraped towards hoppers 
in the floor usually at the inlet. 
Where possible the settling tanks are 
kept in operation all the time or 
closed down for only short intervals 
and sludge is removed mechanically. 
Manual labour is expensive and 
slower than mechanical labour. 

In those works that receive indus- 
trial sewage of a special nature, the 
finer suspended solids (colloidal par- 
ticles) are settled more quickly by 
adding chemicals such as aluminium 
sulphate. 

The bulk of the particles of solid 
matter is removed after sedimenta- 
tion but tank effluent requires further 
purification. This is carried out by 
bacteria and the like in special filters 
or in activated sludge plants. 


Oxidation by bacteria 

Whatever the method used the 
liquid is brought into close contact 
with atmospheric oxygen and the 
right types of bacteria and other 
micro-organisms. At one time land 
treatment of sewage was commonly 
used. This method is rarely employed 
in urban areas, but is still common in 
many parts of the world. 

The sewage is left in the open air 
to be decomposed by the actions of 
microbes. Such sewage farms require 
large areas of flat land, however, and 
often these do not dry off rapidly 
enough to permit ploughing and 
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replacement of air in the soil 
surface. 

Percolating filters are more commonly 
used for small towns, whereas activated 
Sludge units have so far proved more 
economical for larger towns, though 
quite small installations are becoming 
available. The beds of percolating 
filters are made of pieces of coke, 
clinker or stone. The liquid sewage 
is sprayed over these pieces or ‘media’ 
and forms a film of jelly over each 
of them. The bacteria and other 
organisms grow in this jelly and 
break down the chemical impurities 
in it. The spray of liquid flows con- 


Activated sludge tanks in which the liquid 
is agitated by paddle wheels. This agita- 


tion introduces air into the liquid, en- 
couraging the growth of micro-organisms. 


tinually through the filter beds, 
washing away excessive amounts of 
the jelly, and thus ensures that air has 
free access into the bed. The effec- 
tive surface area of the porous mass 
of media in each bed is enormous and 
so each filter bed is able to handle 
large quantities of sewage. Because 
the organisms require free oxygen to 
carry out their chemical actions they 
are said to be aerobic. In some works 
purified sewage is fed into the filters 
with unpurified sewage, increasing 
the flow of liquid through the filter 
and also reducing the time it takes 
to purify a given volume of sewage. 
Two sets of filters may also be used, 
the partly purified sewage being 
fed into a second set of filters after 
leaving the first. 

Filter units may be circular or 
rectangular and the sprays may be 
fixed, they may revolve—the pres- 
sure of the liquid turning them just 
as water does in a revolving garden 
sprinkler—or they may move back- 


890 


wards and forwards along rails where 
filters are rectangular. 

The purified liquid issuing from 
the filter is normally clear though 
it contains some solid, mainly small 
particles broken off the pieces of 
media in the filter beds. These solids 
are separated in a further set of 
settling tanks or humus tanks and the 
fluid (final effluent) is discharged into a 
nearby river. 

In the activated sludge system air 
is introduced in fine bubbles or by 
some stirring device into the fluid 
which moves along rectangular tanks. 
The bacteria are added to the sewage 


A circular percolating filter with revolv- 
ing sprinklers. The pressure of the sewage 
issuing from the nozzles causes the whole 
sprinkler to revolve. 


in the activated sludge, a brown, muddy 
liquid that is prepared by aerating 
the sewage itself. Several hours aer- 
ation of sewage, to which activated 
sludge has been added, is sufficient 
to purify it. When the sludge settles 
out later it is pumped back to the 
aeration tanks to purify more sewage. 
Excess sludge is removed from time 
to time and passed to the sludge 
processing plant. Air may be blown 
up through the sewage as small 
bubbles or introduced at the surface 
by agitating it with stirring devices. 

These operations require power, and 
though activated sludge plant takes 
up less room than percolating filters 
and can be made more attractive in 
lay-out, it is more expensive to run. 
The sludge produced is also very 
liquid, so increasing the difficulties 
of treating it. More efficient aerating 
devices have been developed, how- 
ever, which enable larger volumes of 
sewage to be purified in tanks of the 
same size. 


On the long term activated sludge 
plant is more economical. 

Sludge is separated in settling tanks 
similar to those described earlier. 
This part of the activated sludge 
treatment of sewage is equivalent 
to the humus tank stage of the filter 
treatment. 


The chemical changes in purifica- 
tion 

Briefly, the main purpose of the puri- 
fication is to allow harmless aerobic 
bacteria to oxidize the putrescible 
molecules into smaller harmless ones. 
Carbohydrates are broken down 
into carbon dioxide and_ water, 
whilst complicated nitrogen-contain- 
ing molecules, such as proteins, are 
converted to ammonium compounds 
and _ then, 
nitrates. 


Sludge treatment 

Sludge from the settling and 
separating tanks is a thick, muddy 
liquid. Many methods are used to 


by other bacteria, to — 


process and dispose of it. Often it is — 


digested in special digesters. ‘These are 
large tanks in which the sludge 
is heated to 80-go°F. and acted 
upon by anaerobic bacteria (bacteria 
that do not require atmospheric 
oxygen). Much of the solid material 
is broken down and valuable methane 
gas is produced. The sludge is re- 
duced in bulk, its fetid smell elimin- 
ated and the remaining solids hold 
less water. It is then easier to handle, 
drain or dry. 

Liquid sludge may be sprayed 
directly on to farmland or it may be 
dumped, sometimes at sea where this 
is practicable. 

Sludge may be dried by leaving it 
to drain on beds of ash and clinker, 
or water may be removed under pres- 
sure in filter presses. Alternatively 
vacuum filters are used, water being 
sucked from it through a cloth under 
vacuum. 

Certain features of sewage in recent 
years, such as detergents, have ham- 
pered purification processes. Expen- 
sive anti-foam equipment has been 
developed to disperse it. 

A great deal of research is carried 
out to try and improve methods of 
purification. 


FAMOUS SCIENTISTS 


Bohr and his Atomic Model 


HEN a solid material is heated 
it becomes incandescent, that is, 
it emits light. The same thing happens 
if gases and vapours are heated, or 
if their atoms or molecules are ex- 
cited in an electrical discharge, but 
there is an important difference in 
the light produced in the two cases. 
If light is passed through a prism 
or diffraction grating, it is split 
up into its spectrum, the light of 
different colours of which it is com- 
posed. 
The spectrum of light emitted from 


hagen University, and eight years 
later left with a doctorate degree and 
a keen interest in the theoretical 
problems of the atom. 

Arriving in England in the autumn 
of 1911, Bohr began work under J. J. 
Thomson in the Cavendish laboratory 
at Cambridge. At this time the main 
group of physicists at Cambridge, in 
common with many physicists in the 
world, thought the atom to be like a 
sphere of positively charged electri- 
city, with negatively charged elec- 
trons moving about inside the sphere 


Bohr’s model was able to provide an explanation for the line shectram of piarapen: and to 
account for the position of the different lines with great accuracy. 


incandescent solids is continuous, with 
bands of different colours merging 
into each other. The spectra of 
gases and vapours, however, are in 
the form of discrete lines or bands. 
These line or band spectra will always 
be the same for gas atoms or molecules 
of a given element, and in fact pro- 
vide a valuable method of identi- 
fication for elements. For example, 
when hydrogen is excited in a gas 
discharge tube it emits its well- 
known line spectrum. It was to explain 
the line spectrum of hydrogen that 
Niels Bohr put forward his model of 
the atom, which is still used, with 
modifications, to describe the atom 
today. 

Niels Henrik David Bohr was born 
in 1885. His father was professor of 
physiology at Copenhagen Univer- 
sity. In 1903 Bohr entered Copen- 


ORBITS 


In the incorrect model of the atom pro- 
posed by J. J. Thomson in 1904 (sometimes 
called the ‘plum-pudding’ model), electrons 


in such numbers that the atom was 
electrically neutral. 

Within a few months Bohr moved 
to Manchester where Rutherford, one 
of the leading atomic physicists in 
the world, was professor of physics. 
Rutherford had just produced experi- 
mental evidence that the atom has a 
very small heavy nucleus, which is 
positively charged, and which is sur- 
rounded by electrons, so Bohr now 
took over the theoretical problems of 
Rutherford’s atom in an effort to put 
forward an atomic model which 
would agree with the experimental 
evidence known at the time, particu- 
larly the evidence provided by the 
known spectra of elements. 

Bohr’s theory may be summarised 
in the following two statements: 

(1) Electrons can only occupy cer- 
tain orbits or shells in an atom. Each 


were supposed to be embedded ina ‘sphere 
of positive electrification’, and the mass of 
the atom was supposed to be contained in 
the electrons. In Bohr’s model of the 
hydrogen atom the electron is allowed 
certain orbits around the nucleus: in jump- 
ing from one orbit to an inner one, the 
atom emits light of a certain colour which 
depends on the orbits concerned. When 
cold, the atom is said to be in its normal 
state and the orbiting electron is in the 
orbit nearest the nucleus—no light can 
then be emitted. 


orbit represents‘ e energy for 
the electrons in it. 

(2) Light is emitted by an atom 
when an electron jumps from one of 
its allowed orbits to another. Since 
each orbit represents a definite elec- 
tron energy, this electron jump (or 
transition) represents a definite energy 
‘jump’. This change in electron energy 
leads to emission of light of a definite 
energy or wavelength. 

When his new model of the atom 
was applied to hydrogen, the simplest 
atom with one electron orbiting the 
nucleus, it was found to give, theoreti- 
cally, exactly the same line spectrum 
as was known to exist experimentally. 
Nine years later, in 1922, Bohr re- 
ceived the Nobel prize in physics for 
his explanation of the hydrogen line 
spectrum by use of his atomic model. 

The importance of Bohr’s revolu- 
tionary new atomic model can hardly 
be exaggerated, and his explanation of 
the hydrogen spectrum has been des- 
cribed as one of the greatest triumphs 
in physics. From 1913, with little 
correction until the mid-1920s, the 
Bohr model was fundamental to all 
thinking in terms of the atom. 

In 1920 the Institute of Theoretical 
Physics at Copenhagen was founded 
with Bohr as its head, and has re- 
mained in the forefront of nuclear 
physics theory ever since. Leading 
physicists from all over the world 
made visits to Copenhagen to discuss 
with Bohr the modern modifications 
of his theories (which are mostly 
mathematical, and very complicated). 

Niels Bohr, the unassuming Danish 
physicist, who was born before radio- 
activity was discovered and who be- 
came a leading authority on the 
fundamental laws of the atom as they 
are now appreciated, died on Novem- 
ber 18th, 1962. 
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ELECTRICITY | 


The INDUCTION MOTOR 


SOMETHING like go% of all the 

electric motors that are made each 
year are what are called induction 
motors, and it would be interesting to 
see what special features this type of 
motor has which make it so much 
more popular than all other types of 
electric motor, A.C. and D.C., put 
together. 

In previous articles the principle 
of electromagnetic induction has been 
explained. 

If a closed loop of wire is rotated 
in a fixed magnetic field, an electric 
current will be induced which will 
flow round the coil. Whenever an 
electric current flows in a conductor 
it sets up a magnetic field, so that 
in addition to the fixed magnetic 
field already present there will be 
another one due to this induced cur- 
rent. The two fields cannot exist 
separately side by side, but combine 
to form a resultant field. 

This resultant field is distorted 
as shown in the diagram. The shapes 
of the lines of force which result 
may be explained by the fact that 
opposing lines of force tend to neu- 


In general, there is a tendency 
for a magnetic field to try to re- 
move these distortions (just as air 
rushes in to occupy a vacuum), 
and this leads to distorted lines 
trying to straighten themselves out, 
and lines which are close together 
try to repel each other, so that the 
lines of force all become equally 
spaced. In other words, the tendency 
is to try to create a uniform magnetic 
field. 

In the resultant field produced by 
the coil and the magnet, the two 
fields act to produce a region of 
zero magnetic field strength behind 
the moving coil and an intensified 
region in front of the conductor. 
In the process of trying to produce a 
uniform magnetic field, a force is 
produced on the conductor which 
opposes its motion (for it is the 
motion of the coil which produces 
the distorted field). It must be em- 
phasized that this force only acts 
against the motion, it is not sufficient 
to stop it; after all, the force only 
exists in the first place because of 
the motion. 


ELECTRON 
CURRENT 
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When a coil is rotated in a fixed mag- 
netic field a current is induced in the coil 
because the moving conductor is cutting 
lines of magnetic force or flux. 


acted on each side of the loop and 
so the initially stationary loop would 
have been made to move in the 
direction of this force. In short, a 
motor effect would have been created. 

Take the argument a little further 
now. It was supposed in the first 
place that the magnetic field due to 
the bar magnets was stationary and 
that the loop of wire was rotating. 


tralise each other, whereas the lines 
of force running in the same direction 
augment each other. 

In a region of strong magnetic 
field, the lines of force are close to- 
gether; in the region of a weak field, 
they are more widely separated. 
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If the loop of wire had been 
stationary in the magnetic field and 
the same size of current was made to 
flow by inserting a battery in the 
loop, the same resultant magnetic 
field would have been obtained. This 
being so, the same force would have 


Suppose now that the wire is initi- 
ally stationary and that the magnetic 
field is rotating at the same speed 
but in the opposite direction to 
that of the loop first described, as 
in a synchromous motor. Because the 
relative motion of the loop and the 
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The current induced in the coil gives 
rise to an additional set of lines of 
magnetic force. 


lines of force is the same as before, 
the moving lines of force are now being 
cut by the stationary sides of the 
loop at exactly the same rate and in 
the same direction. The induced cur- 
rent in the coil will in consequence 
be of exactly the same size and direc- 
tion as before. This means, of course, 
that the forces on the coil will be the 
same, in size and direction, as before, 
and so the freely pivoted wire will 
start to turn in the same direction 
as that of the rotating magnetic 
field. As the loop turns faster and 
faster, it will try to ‘catch up’ with 


fixed magnetic field to produce a 
resultant field. The distortions in this 
produce a force on the moving con- 
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The additional set of lines of magnetic 
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| ductor which opposes its motion. 
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the rotating field, and the difference 
between its speed and that of the 
rotating field will get smaller and 
smaller. The size of the induced 
current and hence also the force 
will thus fall. The loop of wire 
will settle down to a steady but 
lower speed than that of the rotat- 
ing field. This steady speed will 
not be as great as that of the rotat- 
ing field because the driving force 
due to the induced current not only 
drives the loop in rotation, but has 
to overcome frictional rotation in 
the bearings of the motor and air 


STATIONARY 
COIL 


If the coil were stationary and it carried 
a current equal in magnitude and direc- 
tion to the induced current, a force 
equal to the opposing force (above) 
would result which would make the coil 
rotate in the field. 


resistance as well as to drive any load 
attached to the motor. 

The induction motor is so called 
because the driving force is due to 
a current induced in the rotor by its 
interaction with the magnetic field. 
In other types of electric motor the 
driving force is due to current sup- 
plied to the rotor directly from the 
mains by means of brushes and slip 
rings or commutators. It is this ab- 
sence of brushes, etc., in the induction 
motor that enables a simple robust 
machine to be constructed for low 
cost and virtually no maintenance. 


If the coil is stationary, and the magnetic field 7s made to rotate, a current is induced in the coil, and the coil will rotate. 


CURRENTS IN SOLENOIDS 
PRODUCE ROTATING 
MAGNETIC FIELD 


——~>> 
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| FORCES 


F two weights are attached one to 

each end of a length of light cord 
passing over a pair of smooth pulleys, 
and a third weight of similar size 
attached to the mid-point of the 
cord and allowed to fall slowly, the 
three weights move and after a short 
time come to rest. When the system 
of weights has come to rest, it is said 
to be in equilibrium, i.e. the force of 
gravity acting downward on _ the 
middle weight is equal to the effect 
of the tension in the cords pulling 
upwards. 

Provided that the pulley over which 
a cord passes is smooth, the tension 
in the cord is equal to the weight 


If two forces acting 
at a point are repre- 
sented in size and 
direction by two sides 
of a parallelogram, 
then the resultant of 
the two forces ts rep- 
resented in size and 
direction by the dta- 
gonal of the parallelo- 
gram drawn through 
their point of inter- 
section. 


Sc. 
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ALE— 
8 MM REPRESENTS 50 GM 


Parallelogram of Forces 


hanging vertically from its end. Thus 
in the diagram, the tension in the 
cord passing over the left-hand pulley 
is 150 gm. because that cord supports 
a 150 gm. weight. Likewise the ten- 
sion in the cord passing over the right- 
hand pulley is 250 gm. because there 
is a 250 gm. weight hanging from the 
end of it. 

The weight (350 gm.) hanging ver- 
tically downwards from the mid-point 
of the cord could also be held in 
equilibrium by a single force of 
350 gm. acting vertically upwards. 
Instead, its position in space is main- 
tained by the combined effects of 
the tension in the two cords. These 


250 GM 


350 GM 


two tensions must, therefore, be 
equivalent to a single force of 350 
gm. acting vertically upwards. 

That the two forces of 150 gm. and 
250 gm. respectively are in this in- 
stance equivalent to a single force 
of 350 gm. may be shown by drawing 
a scale diagram. To describe a force 
completely the direction in which it 
acts as well as its s7ze must be stated. 
Any quantity which has both direc- 
tion and size, is said to be a vector 
quantity. 

Thus in drawing a diagram the two 
tensions have to be represented by 
two lines (starting from the same 
point) which are parallel with the 
directions in which the tensions act 
(i.e. along the lengths of the two 
cords). The size of the force acting in 
each cord is drawn to a chosen scale— 
8 mm. may be taken as the equivalent 
to a force of 50 gm. Thus the 150 gm. 
tension in the left-hand cord is drawn 
24 mm. long, while the 250 gm. tension 
in the right-hand cord must be drawn 
40 mm. long. 

Using the apparatus described at 
the beginning of this article, the 
actual direction of the various ten- 
sions can be found. If a drawing 
board is set up in a vertical plane 
behind the pulley system, and the 
condition of equilibrium established, 
the directions of the three cords can 
be marked directly on the board. 

Along the lines of the 150 gm. and 
250 gm. tensions, distances equivalent 
to the tensions are marked off. A 
parallelogram based upon these two 
sides is then completed. With the 
open end of the 150 gm. line as centre 
an arc of radius 40 mm. (250 gm.) is 
drawn, and from the end of the other 
line another arc, this time of 24 mm. 
(150 gm.) radius, is drawn. Where 
these two arcs cross is the fourth 
vertex (corner) of the parallelogram. 

The line (diagonal) joining this 
vertex to the first vertex is found 
to be 56 mm. long (i.e. equivalent to 
350gm.) and lying in a vertical 
direction. Thus the diagonal of the 
parallelogram represents in size and 
direction the resultant of the two 
tensions. 

By this principle of the Parallelo- 
gram of Forces the combined effect of 
a pair of forces can be found. 


BIOLOGY 


SYMBIOSIS 


MAY close associations exist in 
Nature between quite unrelated 
living things. These may be between 
one plant and another, between a 
plant and an animal, or between two 
animals. The closeness’ of the associa- 
tion and the amount of ‘give and 
take’ varies considerably. For in- 
stance one ‘partner’ may be so 
specialised that it is unable to exist on 
its own. Such is the case with many 
parasites. LT'apeworms, for example, 
have no gut, they rely on their host 
to provide them with already digested 
food. Their relationship is a parasitic 
one—the tapeworm gives nothing to 
its host, and the latter may suffer 
| considerable harm. Other associations 
| may be looser—the sharing of a bur- 
| row, for example—and are said to be 
| commensal. ‘There are some very close 
associations between two organisms 
to their mutual benefit, which is called 
symbiosis. 

Perhaps the best known example of 
symbiosis is that between the hermit 
crab and a sea anemone (e.g. Adam- 
sa). The anemone is often found 
attached to the shell in which the 
hermit crab lives. In their long 
history hermit crabs have developed 
the habit of sheltering within the 
empty shells of molluscs such as peri- 
winkles and whelks. The hind portion 
of the body has lost its hard covering 
and would otherwise be unprotected. 
As the crab gets bigger it outgrows 
its shelter and so has to find a new 


one. Often, a sea anemone attaches 
itself to the crab’s shelter and it may 
envelop part of the crab’s own shell 
as well. The growth of the crab and 
anemone keep pace with each other 
and the crab has no need to change 
its shell—more and more of it is shel- 
tered by the anemone. As the crab 
moves about in search of food the 


anemone is brought into contact with 
a greater supply of food and the crab 
no doubt gains a certain amount of 
defence from the anemone’s stinging 
cells. 

Many protozoans and single-celled 
algae live symbiotically with animals. 
Symbiotic plant cells are particularly 
common in planktonic-shelled proto- 
zoans—the foraminiferans and radio- 
larians—and in corals and other 
many-celled animals in tropical seas. 
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(Above) Root nodule bacteria live symbiot- 
ically in tiny nodules on the roots of legumes. 
They fix atmospheric nitrogen, building 
up organic nitrogen-containing molecules, Gp 
which the legume can obtain from them e 
through its vascular tissues. The bacteria @ 
obtain sugars in return. (Left) A radio- 
larian containing symbiotic yellow cells. 


It is possible that such associations 
have arisen because of the relative 
lack of minerals in the surface waters 
of warmer seas. Radiolarians have a 
frothy layer of protoplasm outside 
the main mass of protoplasm. Within 
the froth are embedded a number of 
tiny yellow plants. These obtain shel- 
ter and have a ready supply of food 
in the form of the waste materials that 
the radiolarians produce. The oxygen 
that the plant cells release in their 
food-making processes is available to 
the radiolarians and possibly food 
substances as well. By using up the 
waste materials alone the plants ren- 
der a useful service to the animals. 


BM Cattle egrets and oxpeckers accompany the 
larger game animals. The former feed on 
the insects stirred up by the animals’ hooves 
and may warn them of approaching danger. 
Oxpeckers rid their hosts of parasites and 
obtain food in the process. 


895 


VTE. 


Many coelenterates and some flat- 
worms have green algae (Zoochlor- 
ellae) living in their tissues. Hydra 
viridis, a coelenterate commonly found 
in freshwater, owes its green colour 
to the many algal cells in its tissues. 
Corals (particularly reef corals) and 
sea anemones also have symbionts 
in their tissues. Recently it has been 
shown that in reef corals the algae are 
of no food value and the amount of 
oxygen that they release bears no 
relation to the needs of the coral. They 
are certainly of value in using up the 
waste substances produced by the 
coral, however, and it is probable that 
the same applies for sea anemones 
and for Hydra viridis too. The algae 
obtain shelter and the waste sub- 
stances for food. 

A most interesting association is 
that between Carteria—a plant-animal 
—and the flat-worm Convoluta. When 
very young, the latter-lives the life of 
a normal flatworm, feeding in the 
same way as other free-living forms. 
However, at an early age it obtains a 
‘stock’ of symbionts, loses its gut and 
becomes completely dependent on 
them for its food supply. The sym- 
bionts obtain a supply of carbon 
dioxide and _ nitrogen-containing 
waste materials. They are also brought 
out into the light by the animal at 
appropriate times. The flatworm is 
supplied with oxygen and food and 
has its waste materials removed. 


Symbiotic micro-organisms—bac- 
teria, fungi (yeasts) and protozoans— 
play an important role in the lives of 
many insects. They may be har- 
boured in the gut or in special cells 
(mycetocytes) which are often grouped 
together to form organs called my- 
cetomes. 

Most termites have symbiotic pro- 
tozoans in the hind part of the gut. 
These actively ingest the wood par- 
ticles that the termite has eaten and 
break them down, releasing sub- 
stances that the termites can absorb. 
Experiments show that the termites 
depend on the protozoans for much 
of their food, and when the latter have 
been removed, so that the termite has 
none in its gut, it loses weight rapidly 
and dies. 

One wood-eating termite grows 
only when the wood on which it feeds 
harbours a fungus population. Some 
wood-eating cockroaches have proto- 
zoans and bacteria in their gut and 
certain scarab beetle larvae house 
bacteria that digest cellulose. 

Some biting lice and several suck- 
ing lice have mycetocytes containing 
bacteria, and many bugs have myce- 
tomes that contain bacteria and 
yeasts. It has been shown that in some 
female beetles the symbionts are 
smeared on to the eggs from special 
sacs as these are laid. The beetle grubs 
become infected after hatching when 
they eat the egg shells. 

Mammals harbour vast populations 
of bacteria in their stomachs and in- 
testines. Ruminants such as cows and 


sheep have special chambers in the 


A hermit crab with its attached companion, 
a sea anemone. The crab is protected by the 
anemone’s stinging cells and the anemone 


comes into contact with a greater supply of 


stomach in which the bacteria live, 
feeding on cellulose in the grass on 
which their hosts feed. By their acti- 
vities the bacteria produce simple 
organic acids (e.g. acetic acid) from 
the cellulose, which the cows and 
sheep can absorb through their gut 
wall. Bacteria also produce vitamins 
(e.g. B,,) in the gut. This may be the 
only supply of some of these essential 
food substances. In rabbits and horses 
the symbiotic bacteria are harboured 
in chambers or caeca of the large 
intestine (see page 416). 

There are several well-known associ- 
ations between birds and game ani- 
mals. Cattle egrets, for example, are 
often seen in the company of buffalo 
and elephants. They flourish on the 
insects kicked up by the feet of these 
animals. The egrets appear to be 
aware of approaching danger rather 
more quickly than the game animals 
and it is likely that their actions in 
this respect serve to warn their larger 
companions. 

A frequently observed phenomenon 
in Africa is that of oxpeckers running 
over the backs of hippopotami and 
rhinoceroses. These birds rid their 
partners of injurious and annoying 
insects and in doing so obtain a ready 
supply of food. 

In the plant world there are many 
examples of symbiosis: root-nodule 
bacteria infect the roots of legumes 
(e.g. Clover); some orchids and 
heathers form close associations with 
fungi (called mycorrhizas) as do 
forest trees such as the Beech and 
Pine. 

Lichens are peculiar plants formed 


~ by the union of a fungus and an alga. 


They play an important part in the 
formation of soils, being the first to 
colonise rocks. The substances that 
they produce dissolve the rocks away, 
forming the fine particles that are 
washed down by rain to form soils. 
They consist of algal cells embedded 
in a weft of fungus threads. The algae 
that occur within lichens are very 
similar to free-living forms but the 
fungi are unable to lead an inde- 
pendent existence. The alga is pro- 
tected and supplied with moisture 
while the fungus absorbs the food 
materials made photosynthetically by 
the alga. 


[FAMOUS SCIENTISTS | 


Robert Koch— 


LONE, bearded figure sits at a 

bench in his laboratory, bent 
over a microscope, concentrating in- 
tensely on the specimen under view. 
On either side the bench is littered 
with flasks, pipettes, jars, beakers, 
test tubes, bottles containing brightly 
coloured stains and shallow glass 
dishes. Such are his tools. He has no 
books to refer to for guidance; he is 
searching in an unexplored world — a 
world invisible to the naked eye, the 
world of germs. He has to create his 
own rules and techniques — techniques 
that today form the basis of modern 
diagnostic bacteriology — the detec- 
tion and isolation of germs. The man 
is Doctor Robert Koch. 

Louis Pasteur is often credited with 
being the founder of the science of 
bacteriology, but Robert Koch, too, 
must rank as a founder member of 
this modern and rapidly advancing 
science. He is regarded as the greatest 
pure bacteriologist. 

In a period of little more than a 
decade he and his assistants dis- 
covered the causative organisms of 
no less than eleven diseases. 

Koch was born in Clansthal, Cen- 
tral Germany, in 1843. After gradua- 
ting M.D. at Gottingen in 1866 he 
went into practice, later serving in 
the Franco-German war as a surgeon. 
At Wollstein, where he was appointed 
medical officer in 1872, he began his 
studies of bacteria. 

Koch travelled extensively studying 
diseases such as cholera, malaria, and 
sleeping sickness in Egypt, New 
Guinea and Uganda respectively. 

His first great discovery was made 
in 1876 when he isolated the anthrax 
bacillus, and showed that it was the 
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(left) the bacilli of tuberculosis and 


(right) the comma-shaped organisms of 
cholera which were discovered by Koch. 


cause of anthrax, a contagious disease 
of sheep and cattle, which can also 
affect man. Perhaps his most import- 
ant contribution to bacteriology lay 
in his development of methods of 
growing or culturing bacteria, partic- 
ularly that of using solid culture 
media such as agar-agar jelly. Koch 
noted that the organisms in his 
cultures grew in clusters or colonies. 
After a time these became visible to 
the naked eye. He realised that the 
colonies were characteristic for partic- 
ular organisms. 

In 1882, using new staining 
methods, he discovered the bacillus 
that causes tuberculosis, a disease in 
which he showed great interest. A 


Bacteriologist 


year later he discovered the comma- 
shaped germs causing cholera, also 
showing how the disease was trans- 
mitted by drinking-water. 

An institute for infectious diseases 
was built for Koch in Berlin in 
1891 — he had been appointed Profes- 
sor of Hygiene in the University of 
Berlin six years before. Many honours 
were bestowed upon him, including 
the Nobel Prize in 1905, and he died 
in 1910 leaving behind him a life’s 
work rich in its results and of great 
benefit to mankind. Such distinguished 
bacteriologists as Emil von Behring 
(1854-1917), Richard Pfeiffer (1858— 
1945), and Friedrich Loeffler (1852- 
1915) were trained by him. 
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"THE gearbox enables the engine, 

which drives the crankshaft at 
speeds in the range of about 2,000 to 
5,000 r.p.m., to drive a vehicle whose 
road speed might vary from o to 
70 m.p.h. By selecting the correct 
gear in the gearbox, the engine can 
operate without strain, and drive 
the car under any condition of road 
speed and load. 


Gearing 

A gear-wheel is a circular metal 
disc with evenly spaced teeth around 
its circumference, set on a metal 
shaft. When two gears-wheel are in 
mesh, the teeth of one wheel fall into 
the spaces between the teeth of the 
other wheel. Because each gear-wheel 
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SELECTOR SHAFT 


The first motion shaft is driven by the engine through 
the clutch and carries gear-wheel A which is in 
constant mesh with B. Gear-wheels B, C, D, E (the 
layshaft cluster) rotate together in bearings in the 
fixed layshaft. The gears F and G are positioned 
along the mainshaft by the gear lever and selector 
forks. 


F C. GEAR IS ) 
SHOWN ENGAGED 


FIRST MOTION SHAFT 


TOP GEAR 
DOGS 


has a different number of teeth, 
rotation of one wheel will produce 
rotation of the other at a different 
speed. If the driven gear-wheel has 
twice as many teeth as the driver 


BALL PIVOT 


GEARBOX 
- COVER 


wheel, it will then rotate at half the 
speed of the driver wheel. This is 
known as reduction gearing. If the 
driven wheel rotates at a _ speed 
greater than that of the driver wheel, 
it is known as multiplication gearing. 

The torque or turning effort which 
a driven shaft can transmit increases 
when its speed of revolution is reduced 
and vice versa. So if it is necessary 
to increase the torque, then reduction 
gearing must be applied, and if it is 
required to reduce the torque, multipli- 
cation gearing is applied. 


20 
DRIVER TEETH 


SHAFT 
The driver shaft will rotate at twice the 
speed of the driven shaft, because its gear 
wheel has half the number of teeth that the 
driven wheel has. This 1s an example of 
2: 1 reduction gearing. 


DRIVEN SHAFT 


Gear Ratios (Velocity Ratio) 


In the motor vehicle gearbox there 
are two or more simple gear trains in 
series (one behind the other), and 
the driven gear-wheel of one train is 
fixed on the same shaft as the driver 


of the next train. The gear ratio is 
defined as 
Product of all teeth on Driven Gears 
Product of all teeth on Driver Gears 
So, if there are two driven gears each 
with go teeth, and two driver gears 
each with 15 teeth, 
30 X 30 
15 X15 
tion gearing). 

The driven shaft will then rotate 
once only to every four revolutions 


Gear ratio= =4 to 1 (reduc- 


Selector Mechanism 


In the three-speed gearbox, the two 
__ selector forks are fixed on selector shafts 


i 


| 
] 


of the driver shaft and the gear 
ratio would correspond to the gear 
ratio of the first gear. By using a 
number of gear trains whose gear- 
wheels have different numbers of 
teeth, the gear ratio is varied, and 
the engine torque can be multiplied 
so as to move a heavy load slowly or 
reduced to move a light load more 
quickly. 

In general, maximum torque is used 
for minimum speed and minimum 
torque is used for maximum speed. 
The Sliding-mesh (crash) Gearbox 

To make the best use of engine 
torque it is necessary to provide a 
means of ‘changing’ the positions of 
the various gears and this is done in 
the gearbox. The gearbox casing is 
an aluminium-alloy or iron casting of 
suitable shape. A number of gear- 
wheels of different sizes are mounted 
on various shafts which usually rotate 
in bearings located at each end of 
the casing. 

In the sliding-mesh gearbox, the 
clutch or first-motion shaft is driven 
by the engine through the clutch. 
This shaft carries a gear-wheel which 
meshes with a larger gear-wheel moun- 
ted on the layshaft. These gear-wheels 
are known as the constant-mesh gears 
because they are always in mesh. The 
gear-wheels in the layshaft cluster 
are made in one solid piece, and 
rotate in bearings located on the 
fixed layshaft. The splined main- 
shaft is carried at the rear end by a 
spigot bearing located in the end of 
the first-motion shaft. 

Two of the gears have extensions on 
which are machined circular grooves. 
The gears, being splined, can be slid 
along the mainshaft by the gear lever 
and selector forks, which fit into the 
machined grooves of the gears. 

mounted in the gearbox cover or casing. 
Each fork has an upper slot which 
receives the lower end of the gear 
lever. The gear lever is ball-pivoted and 
a sideways movement of the lever will 
select one of the slots in the selector 
fork. A further pull or push movement 
of the lever will slide the fork together 
with its pinion so as to engage the 
required gear. 

© retain the gears in mesh the 
selector shafts are locked by spring- 
loaded plungers or balls. An interlocking 
device is also fitted to prevent the 


possible engagement of two gears at 
once which would lock the drive solidly. 


FIRST GEAR 


REVERSE GEAR 


Gear Changing 


When in neutral gear, there is no 
direct connection between the layshaft 
and the mainshaft leading to the road 
wheels. : 
First (Low) Gear 

To select first gear, the gear G is slid 
along the mainshaft, by the selector 
fork, into mesh with the gear D. The 
drive then passes through the gears A 
and B along the layshaft to gear D, from 
D to gear G on the mainshaft and thence 
to the road wheels. The gear ratio can 
be calculated: 

where B has 30 

B teeth, 

Gear Ratio == x D teeth, 
teeth and D I5 

teeth. 


530235 
a and 
=35tol 


Second (Intermediate) Gear 


To select second gear, the first gear 
G is disengaged and the gear F is slid 
along the mainshaft, by its selector 
fork, into mesh with gear C. The drive 
then passes through the gears A and B as 
before, along the layshaft to gear C, 
from C to gear F on the mainshaft and 
thence to the road wheels 


pee where eg > 
teeth, 2 
Gear Ratio = 5 X Fi teeth, F26teeth 


and C 24 teeth 
0 % 
ap | sae 
= 1.625 to | 
Top (Direct) Gear ee 
To select top gear the second gear F 
is disengaged and slid along the main- 
shaft towards the end of the first-motion 
shaft. The second = F has projectin 
‘dogs’ on its front face which mesh wit 


similar dogs on the end of the first 
motion shaft. This gives a positive 
‘direct’ drive between the engine and 
the road wheels via. the clutch, first- 
motion shaft and mainshaft, thus all 
_these will now rotate at the same speed, 
ie. a gear ratio of |: |. 


Reverse Gear 


The gear E is permanently in mesh 
with a reverse idler gear H which is free 
to rotate on a short shaft fixed in the 
gba casing. Reverse gear is selected 

y moving the sliding gear G into mesh 
with gear H and the direction of the 
mainshaft and thus the road wheels will 
be reversed. 

For calculation purposes the number 
of teeth on the idler gear is ignored 

=e va has 30 

teeth, A 20, 

Gear Ratlo= A ™* E)G 35 teeth and 
E 12 teeth. 


Ls 
pe Se} 
= 4.375 to | 
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30,000 _ 100,000 
CALORIES CALORIES 
To turn 1,000 gm. of ice at 0°C into water at the Se ORIES 


same temperature requires 80,000 calories of 
heat. To raise the temperature of the melted 
ice from 0°C to 100°C requires 100,000 calories. 
To turn the 1,000 gm. of water at 100°C into 
steam at the same temperature requires an 
additional 536,000 calories. Heat which is 
absorbed without causing a change of temper- 
ature is called Latent Heat. 


The Calorimeter 


The idea of latent heat is due to Dr. Joseph Black (1722-99). 
In one of his experiments for measuring the latent heat of fusion 
of ice he suspended a vessel containing 140 gm. of ice-cold 
water in a large room and noted that it took half an hour for the 
temperature of the water to reach 4°C. An equal mass of ice 
suspended in the same place took !0 hours to melt. What value 
do these results give for the latent heat of fusion of ice? 

The quantity of heat required to raise the temperature of the 
ice-cold water to 4°C is calculated using the formula Q = 
MSCS ct 


Mass, m, of water = 140 gm. 

Specific heat, s, of water lo == es Xe 
= | cal./gm./°C = 140 x 1x4 

Rise in temperature, t = 4°C = 560 calories. 


Since the room supplied 560 calories in half an hour it presumably 
supplied 1,120 calories in one hour, and 11,200 calories in 10 
hours. 11,200 calories were therefore used to melt 140 gm. of 


ice, and ae calories used to melt | gm. of ice. The latent heat 


140 
of fusion of ice is therefore : Lag 


Knowing that it takes 80 calories to melt one gm. of ice, 
Black was able to devise his ingenious ice calorimeter, an apparatus 
for measuring quantities of heat without the aid of a thermo- 
meter. In its simplest form the ice calorimeter consists of a 
hollow in a large block of ice. A slab of ice is placed over the 
hollow to act as a lid. Suppose that the apparatus is being used 
to measure the specific heat of iron. The specimen of iron is 
first weighed and then suspended in boiling water. Meanwhile 
the hollow is carefully dried. When the iron has had time to 
reach the temperature of the boiling water, i.e. 100°C, it is 
transferred to the hollow and the slab of ice put in place. The 
iron gives heat to the ice until it has cooled down to 0°C and all 
the heat it gives out is used in melting the ice. The quantity of 
ice melted is found by absorbing the water formed in the hollow 
in a dry weighed sponge and measuring the sponge’s increase in 
weight. 

Consider an example in which the weight of the iron is 96 gm., 
and the initial weight of the dry sponge is 18 gm., and its final 
weight after absorbing the water from molten ice 30 gm. 

Heat received from iron by ice (heat required to melt 12 gm. ice) 


= 80 calories/gm. 


Mass, m, of melted ice = 12 gm. Heat required to melt ice 
Latent heat, L, of ice = 80 cal./gm. SEO ee ppt ae 
} = 960 calories. 


Total Heat lost by iron 


Drop in temperature, t, of iron 
from 100°C to 0°C = 100°C | Heat lost by iron = Q = 
Mass, m, of iron = 96 gm. mxXsxXxt=96 xs x 100 
Specific heat, s, of iron is unknown | = 9,600 x s calories 


But heat lost by iron = heat received from iron by ice, so 
960 3 

960 = 9,600 x s; s = 9600 — 0-1 cals./gm./°C. 

which is the specific heat of iron. 
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HEAT PHYSICS 


HEN heat is supplied to a substance it usually 
results in a rise in temperature. In a_ previous 
article it has been seen that this rise in temperature 
depends on the specific heat and the mass of the material. 
However, there are occasions when heat is supplied to 
a substance without causing any change in temperature 
at all. For example, when a kettle is ‘on the boil’, its 
temperature is at the boiling point of water, 100°C, and 
stays at this temperature until the kettle has boiled dry. 
The temperature remains steady in spite of the fact that 
the kettle is receiving heat energy all the time. This heat 
is being used to convert liquid water into steam and is 
called latent heat. 

Any liquid needs heat energy to turn it into a gas, and 
this is called its latent heat of vaporization, When the 
process is reversed and the gas is liquefied the same 
amount of heat is given out. When a solid is melted 
(e.g. ice into water) it needs to absorb a certain amount 
of heat energy, and when this process is reversed (e.g. 
water frozen to ice) the same amount of heat is given 
out. This is called the latent heat of fusion of the liquid. 

Latent heats, in calories, are always quoted for one 
gram of a substance or for one pound of a substance 
(in which case the quantity of heat is measured in British 
Thermal Units). For example, when one gram of ice melts 
it absorbs 80 calories of heat so its latent heat of fusion 
(melting) is therefore 80 calories per gram. When one 
pound of ice melts it absorbs 144 B.t.u. of heat, so its 
latent heat of fusion is therefore 144 B.t.u. per pound. 

The latent heat of vaporization of water is quoted as 
536 calories per gram or 965 B.t.u. per pound. When 
one gram of water at 100°C boils away completely it 
absorbs 536 calories of heat, and when one gram of 
steam at 100°C condenses it gives out 536 calories of 
heat. One pound of water boiling away completely at 
100°C. (212°F) absorbs 965 B.t.u., and one pound of 
steam condensing at 100°C (212°F) gives out 965 B.t.u. 
of heat. 

The quantity of heat absorbed when one gram of a 
substance melts is its latent heat in calories; the quantity 
absorbed when m grams melt is the mass of the substance 
(m grams) multiplied by its latent heat of fusion (L 
calories per gram). This leads to the equation Q=m x L 
which gives the quantity of heat, Q, given out when 
m grams of a substance freeze. It also applies if Q is in 
B.t.u., mis in pounds and L is in B.t.u. per pound. 

The equation for finding the quantity of heat absorbed 
when m grams of a liquid vaporize, or the quantity of 
heat given out when m grams of a vapour condense, is 
again Q=mxL where this time L stands for the latent 
heat of vaporization. 
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An experiment to measure the latent heat of 
fusion of ice 


In this experiment small pieces of carefully dried ice are 
dropped into a calorimeter containing a known mass of water. 
As ice melts it takes its latent heat of fusion from the 
calorimeter and from the water, both of which therefore cool. 
Some of this heat is used in melting the ice, and when the ice 
melts it forms water at 0°C. The rest of the heat lost by the 
calorimeter and its contents goes to raising the temperature of 
the melted ice from 0°C to its final value. 

In a typical experiment the calorimeter weighs 40 gm. and is 
made of copper (specific heat 0-09 cal./gm./0°C). It contains initially 
55 gm. of water at 30°C. Ice, dried on blotting paper, is added 
piece by piece while the water in the calorimeter is stirred to 
assist the ice in melting. When the temperature of the water 
and the calorimeter has fallen to 10°C no more ice is added. The 
calorimeter and its contents are then weighed again in order to 
find the mass of ice that has been added. In this case the mass of 
ice is 13 gm. 

Heat is lost by the calorimeter and by the water in cooling 
from 30°C to 10°C. Heat is gained by the ice in order to melt 
and by the melted ice in order to bring its temperature up from 
0°C to 10°C. 

Heat lost by the calorimeter and water is first calculated 
using formula Q =m xs xt. 


Drop in temperature of calori- 
meter, t, in cooling from 30°C to 
1CPC=20E Q=sm 
Mass, m, of calorimeter = 40 gm. = 40 x 0-0 
Specific heat, s, of copper = 
0:09 cal./gm./°C 


Drop, t, in temperature = 20°C ! ai 


Mass, m, of water = 55 gm. 
Specific heat, s, of water = 1 100-caloties: 
| cal./gm./° 
= r 1,100 
These 1,172 calories are expended in melting the added ice and 
in raising the temperature of the molten ice to 10°C, so, to 
obtain latent heat of ice the heat required to raise temperature 


of molten ice is first calculated. 
Heat gained by water (obtained from molten ice) 


Rise in temperature, t = 10°C ss 
Mass, m, of water = 13 gm. . = 13 : I e io 
Specific depose of water = = 130 calories. 


| cal. 
ew 


n. of ice is 1,172-130 calories = 
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An experiment to measure the latent heat of 
vaporization of water 


In this experiment dry steam is passed into a known mass of 
water in a weighed calorimeter. The steam condenses in the 
water giving up its latent heat, together with the heat given out 
by the condensed steam in cooling from 100°C to the final 
temperature of the calorimeter. fhe mass of steam which 
condenses is found by weighing the calorimeter and its contents 
at the end of the experiment. 

Ina Y Les experiment the calorimeter weighs 40 gm. and is 
made of copper. It contains initially 57 gm. of water at 10°C. 
Steam is passed into the water until the temperature has risen 
to 30°C. The calorimeter and its contents are then weighed 
again in order to find the mass of steam that has condensed. In 
this case the mass of steam is 2 gm. Heat is gained by the calori- 
meter and by the water in raising their temperature from 10°C 
to 30°C. Heat is lost by the steam in condensing and by the 
condensed steam in cooling from 100°C to 30°C. The total heat 
lost by the steam equals the total heat gained by the calorimeter 
and water. 

; 
ass, m, of calorimeter = 40 gm. 
Specific heat, s, of copper Heat gained by calorimeter 
= 0-09 cal./gm./°C =Q=mxsxt 
Rise in temperature, t, of calori- = 40 x 0-09 x 20 
meter from 10°C to 30°C 
= 209C 


jae m, i water = gm. 


Specific heat of water 
= | cal./gm./°C 
Rise, t, in temperature = 20°C 


Total heat gained by calorimeter and water — 1,140 + 72 


This heat gained is equal to latent heat lost by 2 gm. of steam 
condensing into water, in addition to heat lost by the 2 gm. of 
water in cooling from 100°C to 30°C. 

Heat lost by water 
Mass, m, of water = 2 gm. 
Drop in temperature, t, of water | Heat lost by water 


Heat gained by water 
=O mss 5ct 
= 57 x | x 20 


from 100°C to 30°C =Q=mxsxt 

= 70°C =2xI1x70 
Specific heat of water, s = 140 calories. 

= | cal./gm./°C an 


So, of the 1,212 calories gained by the heated calorimeter and 
water, 140 calories are obtained from the cooled condensed 
steam and the remainder i.e. 1,212-140 = 1,072 calories is obtained 
from the latent heat given up by the 2 gm. of steam in condensing 


into water. So | gm. of steam would give up “= 536 calories 


and the latent heat of vaporization of water is $36 calories per 
gram. 


gol 


THE ULTRA-VIOLET 


STARTING at about 12 miles above 

the Earth’s surface, and reaching 
its peak density at a height of about 
27 miles, is a layer of the gas ozone 
(O,;). This ozone layer fulfils a very 
important function. It has the pro- 
perty of trapping the harmful ultra- 
violet rays radiated by the Sun, and 
preventing them from reaching the 
Earth. 

Ultra-violet rays are electro-magne- 
tic radiations whose wavelengths 
range from 120A to 3,900A (an 
Angstrom unit is one ten millionth 
of a millimetre). In the electro- 
magnetic spectrum they are sand- 
wiched between visible light on the 


Teeth and fingernails both contain fluor- 
escent materials, which glow when illum- 
inated by invisible ultra-violet light. 
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longer wavelength side and penetra- 
ting X-rays on the shorter wavelength 
side. 

The Sun is an extremely hot body. 
Because its surface is at about 6,000°C 
it is incandescent—it emits a large 
amount of electro-magnetic radiation, 
most of it being of visible light. 
However, it emits both infra-red and 
ultra-violet light as well. 

Visible light affects the sensitive 
part of the retina of the eye, and 
produces the sensation of light. The 
boundary between visible and ultra- 
violet light is the boundary between 
the seen and the unseen. While 
visible light is harmless, ultra-violet 
light may have adverse effects on 
living tissues. The effect it has depends 
on its wavelength. The ultra-violet 
region from 3,000A to 1,850A is 
known to be especially lethal, and 
these rays are in fact used for killing 
harmful bacteria in hospitals and in 
food warehouses, where the bacteria 
are killed before they have a chance 
to decompose the food. 

Longer wavelength ultra-violet rays 
in the region from 3,900A to 3,000A 
may have a beneficial effect in mod- 
erately small doses. While producing 
a brown pigment in the skin (sun- 
tanning), ultra-violet rays change 
complicated organic substances such 
as ergosterol in human skin cells, into 
Vitamin D. This is an important 
vitamin, and it can then be absorbed 
into the blood stream, and used. 

Very little is known about the 
effects of the very short ultra-violet 
rays on living things. These are very 
difficult to control experimentally 
because neither glass nor quartz (a 
transparent mineral which transmits 
some ultra-violet rays) allow short 
ultra-violet rays to pass through them. 
This means that they cannot be 


EXCITED ELECTRON 
O--------@---- 
ELECTRON GAS —_ = 


ABOUT TO 
HIT ATOM 


OF GAS IS EMITTED 


ATOM VISIBLE 
j LIGHT 


focussed by ‘optical’ instruments, such 
as the ultra-violet microscope. Of all 
the ultra-violet rays, only those rela- 
tively beneficial to human life can 
penetrate the ozone barrier. 

Ultra-violet light alters living tissues 
because it represents enough energy 
to bring about a chemical change. 
Suntanning, or the killing of bacteria, 
are both results of changes in the 
chemical structure of the materials 
within living cells. Usually a certain 
amount of energy is required for the 
change, and the cell is especially 
sensitive to the particular wavelength 
of ultra-violet which corresponds to 
this energy (the amount of energy 
carried by any electro-magnetic radia- 
tion depends on its wavelength). 


Fluorescence 


Some substances, even though they 
may not react chemically when ex- 
posed to ultra-violet light, absorb the 
radiation strongly. These are often 
fluorescent substances. They absorb 
the ultra-violet light, and then im- 
mediately reconvert the energy into 
visible light. Teeth and fingernails 
are fluorescent, and glow softly (2.¢. 
emit visible light) when illuminated 
by an ultra-violet lamp. When diffe- 
rent kinds of material fluoresce, they 
emit different colours of light. This 
leads to one method of testing paint- 
ings for authenticity. When, for in- 
stance, paint containing white lead 
fluoresces, it emits white light. White 
zinc paint, on the other hand, gives 
out a lemon yellow fluorescent light. 
The various yellow pigments used in 
yellow paint all give slightly different 
fluorescent colours, and thus by ex- 
amining a painting closely with ultra- 
violet light, experts can glean infor- 
mation about who painted it, and 
when it was painted. 
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MATERIAL 


Ultra-violet light 1s made in a discharge tube by bombarding mercury atoms with electric 
current. Fluorescence converts ultra-violet light into visible light. 


Ultra-violet light is used to kill bacteria. Here the light from a mercury vapour discharge 
lamp is being used to keep air bacteria-free in a laboratory where penicillin is made. 


Fluorescence occurs when the atoms 
in the substance are excited by the 
ultra-violet light. The atom tries to 
revert as soon as possible to its 
stable, unexcited state. It may re- 
radiate exactly the same wavelength 
of light it absorbed. But usually, 
instead of emitting one, high energy, 
ultra-violet wavelength, it emits two 
or more lower energy wavelengths, 
which will probably be in the visible 
region. 


Making Ultra-violet Light 


Very little ultra-violet light is re- 
ceived naturally by the Earth, since the 
ozone layer in the atmosphere blocks 
it so effectively. It can, however, be 
made very easily in gas discharge 
tubes. A very strong source of ultra- 
violet light is a mercury vapour discharge 
tube. If the mercury vapour is excited 


3,900A 3,000A —-2,000A 1,000A 
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by passing an electric current through 
the tube it emits both visible and 
ultra-violet wavelengths. The radia- 
tions are produced in much the same 
way as in fluorescence. Instead of 
receiving light energy, the atoms of 
the gas are being given energy from 
the electric current (a stream of tiny 
negatively charged particles—elec- 
trons). When the mercury atom is 
de-excited, much of the excess is 
released in ultra-violet light. 
Discharge tubes are used mainly 
for making visible light. If the inside 
of a mercury vapour tube is coated 
with a fluorescent material, practically 
all the ultra-violet from the discharge 
is converted into visible light by 
fluorescence. These discharge tubes 
are found in modern ‘strip’ lighting, 
and the fluorescent materials are 
chosen so that they give out a good, 


WAVELENGTHS IN ANGSTROM UNITS 100A 


Ultra-violet waves have wavelengths of from 3900A (bordering the visible spectrum) to 


120A (bordering the X-ray region). 


white light. Any unabsorbed ultra- 
violet is stopped by the glass tube. 
(Most glasses are, in fact, opaque to 
ultra-violet light.) 

_ A discharge tube can be adapted 
to give out pure ultra-violet light 
by blackening the outside of the 
tube, thus stopping the visible radia- 
tions. The tube of this ‘black’ lamp 
must be made, not of glass, but of 
quartz, which transmits ultra-violet 
of this wavelength range easily. 

Of course discharge tubes are not 
the only means of making ultra-violet 
light. It can be made, as in the Sun, 
by making something hot enough so 
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The sun emits a continuous range of 
wavelengths with a maximum in the 
yellow. The range extends into the 
ultra-violet. 
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Discharge tubes produce isolated wave- 
lengths, some visible, and some ultra- 
violet. j 


that some of its radiation is in the 
ultra-violet. This is, however, an 
extremely inefficient method of pro- 
duction, since even with bodies as 
hot as the Sun, only a fraction of the 
total radiation is of ultra-violet light. 
The hotter the body, the larger the 
proportion of ultra-violet light it 
radiates. 
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A flow diagram showing the typical manufacture of Fletton bricks — from the mining of the raw material, clay, to the despatch of the 


finished bricks. 


MACHINE-MADE 


HE use of bricks as an alternative 
to stone in building houses has a 
history dating back at least to the days 
of the ancient civilizations of Babylon 
and Egypt. For thousands of years 
bricks were made by hand, and 
indeed a very small proportion are 
produced in this way today. But, as 
in so many other fields, the need for 
greater quantities and the high costs 
of labour have made industry seek 
new and highly mechanized processes. 
Not an untypical example is the 
manufacture of the Fletton bricks 
described here, although not all firms, 
of course, use identical techniques. 

Four out of every ten bricks pro- 
duced in Britain are of the pink 
Fletton type (so called because they 
were originally made at the village of 
Fletton, near Peterborough). The 
basic raw material is Oxford clay, a 
green-grey deposit which occurs in a 
line from the Humber in the north to 
Dorset in the south. The most work- 
able thickness is between 40 and 60 
feet. The industry refers to this clay 
as ‘Knotts’, and it is found near the 
surface around Peterborough, Bletch- 
ley and Bedford, in large quantities, 
enabling it to be mined mechanically. 

Chemically such clay consists main- 
ly of silica (as in sand) and alumina, 
together with compounds of iron and 
calcium. 

Before the clay can be excavated, 
the soil above it (overburden or callow) 
is removed by dragline (it may be 
about 15-30 feet in depth). Similar 
machinery takes out the clay itself 
and this is then loaded into wagons 
via a hopper. The wagons convey 
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the Knotts from the clay pit (or 
Knott hole, as it is sometimes called) 
to the brick-making works. Here the 
first stage of manufacture consists of 
grinding the solid clay lumps in a 
dry mill until particles of less than 
one-eighth of an inch are produced. 
The particles are sieved in order to 
remove oversize matter and then 
passed to the presses by conveyor. The 
clay is left fairly dry (in contrast to 
some other manufacturing techniques 


A view showing the moulded bricks leaving 
the presses in pairs. Each brick is sub- 
jected to a pressure of about 26 tons per 
square inch in the presses. 


which use much wetter clay). In the 
presses the clay is shaped into bricks, 
each press producing two bricks at 
each pressing operation. Each brick 
is passed through two sets of moulds. 
Great pressure (about 26 tons per 
square inch) is exerted to ensure that 
the bricks are firm enough to place 
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straight into the kiln without the 
need for preliminary drying. The 
transfer of ‘green’ stiff plastic bricks 
to the kiln presents a problem of 
handling since large quantities of 
bricks must be carefully stacked. One 
answer to this has been to introduce a 
series of conveyor belts and mechanical 
grips, controlled electronically, which 
stack the bricks on bogeys so that they 
can be transferred to the kiln by 
fork-lift truck. 
Firing the Clay 

The green clay bricks are basically 
the same material as that which was 
dug from the ground. In the kiln 
they are fired under high tempera- 
tures to harden them and change 
them chemically. A kiln may have as 
many as 36 chambers or ‘ovens’ in 


The bricks have been fied and are here 
being withdrawn from the kiln mechani- 
cally by fork-lift truck. During the firing 
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each of which 40,000 bricks can be 
placed. The bricks remain there for 
about 18 days. The operation is 
divided into two phases, drying and 
burning. Large amounts of moisture 
and gas are driven off from the clay 
during the first phase (as much as 
40 tons from each chamber). Then 
the temperature is stepped up to 
about 1,000°C for burning, a temper- 
ature which is maintained for at least 
24 hours. At last, when the firing 
is complete and the kiln is cool, the 
bricks are taken outside to be stored 
until they are needed. 

The sequence described above re- 
fers to the stiff plastic process, though 
this is by no means the only technique 
of brick manufacture. Another widely 
used method is the wirecut process, 
where a ‘bar’ g” x 4%” of soft clay 


the bricks obtain their red coloration due 
to the oxidation of the iron sulphides in the 


clay. 


“GREEN” BRICKS 
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is extruded (like tooth paste from a 
tube) and cut off into brick-sized 
lengths by a wire. In fact, as in 
all brick manufacture the clay shape 
is made slightly larger than the 
final brick to allow for shrinkage 
during firing. 

Problems arise in trying to esta- 
blish the standard of size and quality 
for such bricks. British Standards, 
for example, an organization which 
aims to co-ordinate the efforts of 
producers and users for the improve- 
ment, standardization and simplifi- 
cation of engineering and industrial 
materials, has decided that from 1963 
onwards the sizes of common clay 
building bricks should be 88” x 43” x 
28”, or 88” x44” x 2%”. Because of the 
nature of the material and the manu- 
facturing processes, however, it is 
not possible to make each individual 
brick exactly to size. The limits laid 
down are that not more than 1% 
of a batch of bricks should be outside 
a given tolerance (e.g. }” in length, 
and 3%” in depth and width). Satis- 
factory measurements can be made 
by checking a row of 24 bricks, to cut 
down the effect of individual varia- 
tions. Other tests on clay bricks 
include measuring their compressive 
strength (the resistance that they offer 
to crushing), their properties of ab- 
sorbing moisture, and the changes in 
size which result when the _ brick 
absorbs moisture. Most of the pro- 
blems arise because of the conflict 
between the standardization needed 
by the users of the bricks and the 
difficulties of actually manufacturing 
bricks to a uniform quality and size. 


BRICK STORAGE 
BEFORE DESPATCH 


Clays in Brickmaking 


Clay deposits consist of very fine 
particles of rock. Clay contains minerals 
and gluey or colloidal material that 
adsorbs water, forming a plastic mass. 
The majority of clays are largely made 
up of varying amounts of aluminium 
oxide and sand (silicon dioxide). They 
are formed from rocks of volcanic 
(igneous) origin by the chemical weather- 
ing of felspars (aluminium silicates 
containing potassium, sodium and cal- 
cium) and iron-magnesium silicates. 

When a clay is heated it loses water 
in drying and shrinks. The degree of 
shrinkage depends on the quantity of 
water present—too much shrinkage 
makes a clay unsuitable for brickmaking 
or the making of pottery. Exhaustive 
tests are made therefore to determine a 
clay’s suitability for these purposes. 
Mixing it with sand or a burnt material 
(grog) may reduce shrinkage to a certain 
extent. 

Not all the water present in the 
moulded brick is driven off during the 
early stages of firing, it combines 
chemically with other substances to 
form silicate glass. The purpose of firing 
is to produce enough glass to bind the 
remaining loose (unfused) particles to- 
gether. 

Small amounts of organic carbon and 
sulphur (the latter often in the form of 
ferrous sulphide) are present in most 
clays. In the kiln, the carbon is burnt 
and the iron sulphides are oxidized 
turning the brick red in colour. The 
fact that there is a proportion of carbon 
in the clay reduces the coal-firing to a 
minimum, thus saving fuel. 


VERTICALLY PERFORATED BRICK 
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INORGANIC CHEMISTRY 


KING GASES 


HARD GLASS TEST TUBE 


Oxygen, O, 


DELIVERY 
TUBE 


: 


POTASSIUM CHLORATE 
AND MANGANESE 


Oxygen is a colourless, odourless gas which ee eh 


is slightly soluble in water. About one fifth 
of the atmosphere consists of oxygen (the 
other main constituent is nitrogen). The 
element oxygen, or compounds containing 
oxygen, are essential to all forms of life. 
Animals and birds obtain oxygen from the 
air, while fish are supplied by oxygen dis- 
solved in the water. Oxides are compounds 
of oxygen with various other elements. One 


TROUGH 
SOMETIMES 


CALLED 
PNEUMATIC 
TROUGH 


way in which they may be formed is to burn 2KCIO; = 2KCI + 30, mixed. The atest oo ee 
potassium potassium oxygen — oxygen is set free and potassium choride 
Cie pepennss °-¢. muiphur, mageamiem) tp chlorate chloride is left behind in the hard glass test tube. 


oxygen. Substances which only smoulder in 
air, burst into flame when put into a jar of 
oxygen. 


The manganese dioxide acts as a catalyst - 
it reduces the temperature at which the 
potassium chlorate decomposes. 


One way to prepare pogo is to heat 
potassium chlorate crystals with which 
black manganese dioxide powder has been 


Nitrous Oxide, N,O 


THISTLE 
FUNNEL 


AMMONIUM 
SULPHATE & 
SODIUM 


Nitrous oxide is a colourless 
gas with a sweet smell. It is 
soluble in cold water. It does 


IN THE 


(NH,).SO, + 2NaNO, = NaSO, + 4H,0 + 2N,0 
ammonium sodium sodium water - nitrous 
sulphate nitrate sulphate oxide 


Nitrous oxide is usually prepared by cautiously heating 
together a mixture of ammonium sulphate and sodium 
nitrate. By a double decomposition reaction sodium 
sulphate and ammonium nitrate are formed. The latter 
compound then decomposes to. yield nitrous oxide and 
water. (This method is preferable to heating ammonium 
nitrate alone, since this compound tends to explode.) 


The gas is often collected over warm water as it is soluble 


in cold. 


not burn, but on heating the 
gas is quite easily decom- 
posed into nitrogen and 
oxygen. Since the decom- 
position mixture is richer 
in oxygen than the air, sub- 
stances which are already 
burning in air will burn 
more brightly in nitrous 
oxide. Mixed with oxygen, 
nitrous oxide is used as a 
general anaesthetic for den- 
tistry and surgery. 


3Cu + 8HNO, = 


copper nitric cupric 
acid nitrate oxide 


Nitric oxide may be made by the reaction 
between copper turnings and strong nitric 


acid (a mixture of equal parts of water and 


concentrated acid). Although cupric nitrate 


is formed, the copper also serves to reduce 
some of the nitric acid to nitric oxide. 


3Cu(NO,), + 4H,O + 2NO | 
water nitric 


Nitrogen, N, 


Nitrogen is a colourless, odourless gas which is almost insoluble 
in water. Nitrogen makes up about four-fifths of the gas in the 
atmosphere. Nitrogen does not burn, and if a burning substance is 
plunged into this gas the flames are quickly extinguished. Exception- 
ally, burning magnesium ribbon continues to burn feebly and 
magnesium nitride is formed. Few nitrogen compounds can be 
formed by direct action between nitrogen and other elements. 
Nevertheless there are many nitrogen-containing compounds, 
including a large number of organic compounds, e.g. proteins, which 
are essential to life. 


AMMONIUM 
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SODIUM NITRITE 


NITROGEN 
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NITROGEN 


SOLUTION OF 
AMMONIUM CHLORIDE 
& SODIUM NITRITE 


Although nitrogen can be obtained from the air after oxygen and 
carbon dioxide have been removed, this residue also contains 
traces of the inert gases as impurity. A purer product may be made 
by gently warming a strong solution of ammonium chloride and 
sodium nitrite. 
NH,Cl + NaNO, = 
ammonium sodium sodium 
chloride nitrite chloride 


In a double decomposition reaction sodium chloride and ammonium 
nitrite are formed, but the latter compound splits up almost as 
soon as it is formed to yield nitrogen and water. 


NaCl + 2H,O + N, 


water nitrogen 


LABORATORY: victor! 


HYDROGEN 


FUNNEL Hydrogen is a colourless, odourless gas which is insoluble in water. 
; It is much less dense than air (it is the lightest gas known) and may 

be ‘poured’ upwards. Hydrogen burns in air with a blue flame to 

form water. Mixtures, in certain proportions, of air (or oxygen) 

DILUTE a and hydrogen burn with explosive violence, so that care must 

ao Se, WA always be taken when preparing hydrogen to ensure that all the 

nee SoS Sees air has been driven out of the apparatus before tests are carried 

GRANULES See Bes out on the sample. As well as combining directly with oxygen, 

: : hydrogen will also remove the oxygen from metallic oxides, e.g. 

litharge (lead monoxide, PbO). Water is formed at the same time 


ee ee eee as the oxide is reduced to the metal. 


zinc sulphuric hydrogen 
acid sulphate 


Of the many ways by which hydrogen may be made in the laboratory, 

the one which is used most frequently is that in which a dilute y, = 

acid reacts with a metal. The most convenient combination of -) + = + 8 
reactants are zinc and dilute sulphuric acid. (Nitric acid is not 


suitable since there is a tendency for oxides of nitrogen to be ae iceman dine shade pees 
formed.) ACID 


Ammonia, NH, Ammonia is a colourless gas 


with a distinctive pungent 
odour. It is very soluble in 
water. The density of am- 
monia is rather less than that 
AMMONIUM Sseitower of air, so that it can be 

‘ , . 

eres oured’ upwards. Ammonia 

HYDROXIDE oes not burn in air, neither 

do other substances continue 

to burn in ammonia. How- 
ever, in oxygen ammonia 

burns with a greenish flame. 

2NH,CI + oa = CaCl + 2H, + 2NH, A solution of ammonia in 
ammonium calcium calcium water ammonia water is weakly alkaline — it 

chloride hydroxide chloride turns red litmus blue—and 

The usual method for making ammonia gas on a small scale is to mix together powdered contains some ammonium 
calcium hydroxide (slaked lime) and powdered ammonium chloride, and then heat the hydroxide. Ammonia reacts 
dry mixture. Ammonia gas and water vapour are given off leaving calcium chloride behind. with acids to form the 

The gas is dried by passing it up a tower containing quicklime. ammonium series of salts. 


AMMONIA 
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Carbon Dioxide, CO, 


Carbon dioxide is a colourless gas with hardly any odour. It is 
slightly soluble in water under normal atmospheric pressure, but 
under iy os pressures a larger quantity of the gas will dissolve. 
Carbon dioxide is rather denser than air so it can be poured from 
one container to another in much the same way as water. Carbon 
dioxide does not burn and the flames of any burning objects are 
rapidly extinguished when put into the gas. On account of this and 
the high density of the gas, it is used in fire extinguishers. The 
heat of burning magnesium, however, is sufficient to reduce the 
gas to carbon while the magnesium is oxidized to magnesium 
oxide. When the gas is passed into lime water (a weak solution of 
calcium hydroxide in water) fine grains of white calcium carbonate 
are observed. This is used as a test for carbon dioxide. A solution 
of carbon dioxide in water turns the colour of blue litmus to dull 
red. This is because some of the carbon dioxide has reacted with 
the water to yield unstable carbonic acid. 


Chlorine, Cl, 


CONC, 
HYDROCHLORIC 
‘ACID 


MANGANESE 
DIOXIDE 


MnO, + 4HCIl = MnCl, + 2H,O + Cl, 
manganese hydrochloric manganous water chlorine 

dioxide acid chloride 
Chlorine may be prepared by the oxidation of hydrochloric acid — 
hydrogen ions are oxidized to water thus releasing the free element 
chlorine. The usual way of bringing about the reduction is to heat 
manganese dioxide with concentrated hydrochloric acid. Although 
the gas is soluble in water, it may be collected over a strong 
solution of sodium chloride. Chlorine is also obtained by the 
electrolysis of sodium chloride solution using carbon electrodes. 
Chlorine is liberated at the anode (positive electrode) while sodium 
is set free at the cathode (negative electrode). However, sodium 
is so reactive that it reacts with the water — hydrogen is liberated 
at the same time as sodium hydroxide is formed. 
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CARBON 
DIOXIDE 


DILUTE 
HYDROCHLORIC ACID 


MARBLE CHIPS 
(CALCIUM CARBONATE) 


CaCO, + 2HCI. = CaCl, + H,O + CO, 
calcium hydrochloric calcium water carbon 
carbonate acid chloride dioxide 
Carbon dioxide may conveniently be prepared by the action of an 
acid on a carbonate. The usual combination is dilute hydrochloric 
acid and calcium carbonate in the form of marble or limestone. The 
reaction proceeds satisfactorily in the cold. As the gas is soluble 
in water and denser than air it is collected by upward displacement 
of air (i.e. the gas pushes the air up and out of the jar). 


CHLORINE 


CARBON 
ANODE 


% SODIUM 
| CHLORIDE 
SOLUTION 


ELECTROLYSIS OF BRINE 


Chlorine is a yellowish green gas with a choking odour. It is very 
poisonous and was the poison gas of World War I. Chlorine is 
more than twice as dense as air and is quite soluble in water. 
Chlorine does not burn but as it is a very reactive substance, a 
number of elements, both metals and non-metals (e.g. sodium, 
phosphorus) combine directly with chlorine. The heat of the reaction 
is often sufficient for the other elements to take fire in the chlorine 
gas. In some reactions chlorine acts as an oxidizing agent by 
removing hydrogen from compounds. The hydrogen combines with 
the chlorine to yield hydrogen chloride. The action of chlorine as 
a bleaching agent is but one example of its oxidizing properties. 


Hydrogen Sulphide, H,S 


FeS + 2HCI = FeCl, + HS 
ferrous hydrochloric ferrous hydrogen 
sulphide acid chloride sulphide 


Hydrogen sulphide may conveniently be prepared in the laboratory 
by the action in the cold of dilute hydrochloric acid on ferrous 
sulphide. As the gas is soluble in cold water it may be collected by 
upward displacement of air or over warm water. 


Hydrogen sulphide is a colourless gas with a distinctive odour. 
The odour associated with bad eggs is caused by the breakdown of 
organic sulphur compounds to yield this gas. It is very poisonous. 
It burns in air with a pale blue flame — sulphur dioxide and water 
are formed. Uyeregen sulphide is soluble in water and the solution 
is re ae acidic. Hydrogen sulphide neutralizes alkalis to form 
salts known as sulphides. Double decomposition takes place if the 
gas is bubbled into solutions of salts of certain metals. Many 
sulphides are insoluble and have distinctive colours. As hydrogen 
sulphide is easily oxidized it acts as a reducing agent in a number 
of reactions. 


RED HOT, CARBON Carbon Monoxide, CARBON 
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carbon carbon carbon 

dioxide monoxide H.COOH = H,O + CO 
Carbon monoxide may be prepared from carbon dioxide by passing formic water carbon 
it over red hot charcoal (carbon). In this way the carbon dioxide is acid monoxide 
reduced by the carbon. As this type of reaction is never complete, This gas may also be obtained by dehydrating formic acid 
the product is passed through strong sodium hydroxide solution to (H.COOH) by the action of concentrated sulphuric acid. The 
remove any carbon dioxide before the carbon monoxide is collected flask containing the mixture of liquids is heated gently and the 
over water. carbon monoxide is collected over water as before. 


Carbon monoxide is a colourless odourless gas which is insoluble in water. It is very poisonous forming as it does the very stable bright 
red compound carboxyhaemoglobin with the haemoglobin in the blood. Carbon monoxide burns in air with a blue flame and this reaction 
gives out a moderate quantity of heat. It is a constituent of coal gas. As carbon monoxide readily combines with oxygen it finds use as a 
reducing agent, particularly in the extraction of metals (e.g. lead) from their oxides. 


Hydrogen Chloride, HCl 


HYDROGEN 
CHLORIDE 


Hydrogen chloride is a colourless gas with a distinctive pungent 
odour. In moist air it forms a white mist. It is very soluble in 
water, hence the need to collect it by upward displacement of air. 
A solution of hydrogen chloride in water turns blue litmus red — it 
is an acid called hydrochloric acid that has been formed. Hydrogen 

: SODIUM chloride does not burn and the flames of any burning substance are 
CHLORIDE extinguished if put in the gas. Hydrogen chloride is very reactive 
A and forms chlorides by replacement reactions with the more 
reactive metals. If it is mixed with ammonia gas, a white cloud of 


CONC, 
SULPHURIC 
ACID 


ammonium chloride particles is formed. 
NaCl + H,SO, = NaHSO, + HCl P Be 
sodium sulphuric sodium hydrogen _ hydrogen SODIUM SULPHURIC HYDROGEN 
chloride acid sulphate chloride CHLORIDE ACID SULPHATE ign 2 


In the laboratory the gas hydrogen chloride is prepared by the 
action of concentrated sulphuric acid on a metallic chloride. 
Normally sodium chloride is used as it is cheap and readily available. 
After a fairly vigorous reaction in the cold a further supply of the 
gas may be obtained by heating the flask. 


Sulphur Dioxide, SO, 
Cu + 2H,SO, = CuSO, + 2H,O + SO, 


copper sulphuric cupric water sulphur 

acid sulphate dioxide 
Generally when sulphur dioxide is required in the laboratory, it is obtained 
by heating copper turnings in concentrated sulphuric acid. Some of the acid 
is used in forming copper sulphate, but the rest of the acid is reduced to sulphur 


SULPHUR 
dioxide, while the hydrogen ions are oxidized to yield water. 


DIOXIDE 


Sulphur dioxide is a colourless gas with a distinctive pungent odour. The gas is 
much denser than air so is collected by upward displacement of air. It is soluble 
in water and the solution contains some sulphurous acid. If passed into a solution 
of sodium hydroxide a mixture of sodium bisulphite and sodium sulphite is Sapa copper 
formed. Sulphur dioxide acts as a reducing agent in certain ,reactions and is TURNINGS 
itself oxidized by being converted to sulphur trioxide or a sulphate. This is, in \ 

fact, the principle behind the lead chamber process for the manufacture of 

sulphuric acid. On account of its reducing properties sulphur dioxide can be 
used for bleaching. Although sulphur dioxide does not burn, powdered mag- 


nesium will burn in it — sulphur and magnesium oxide are formed. In this reaction 
sulphur dioxide acts as an oxidizing agent. 


CONC. 
SULPHURIC 
ACID 


SAND BATH 
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Many fishes, such as the catfish illustrated, have sensitive tentacles near the mouth. 


The Senses of FISHES 


UST as insects and other land 

animals are equipped with special 
organs that respond to changes in 
their surroundings and provide their 
central nervous system with informa- 
tion, so fishes are provided with means 
of ‘sampling’ the water in which they 
live. The mastery that they have 
established over other water-dwelling 
creatures is largely due to the posses- 
sion of highly developed sense organs. 


Touch 

Our knowledge of touch receptors 
and those for pain, heat, and cold 
detection in fishes is scanty. These 
senses are not so well developed in 
shark-like fishes as in bony fishes, for 
the former have a tough skin in which 
are embedded numerous horny, tooth- 
like scales or denticles. 

There are undoubtedly receptors 
for touch and pain though the way 
in which they work has not been 
analysed. 

In bony fishes the sense of touch 
is very well developed. Many species 
have tentacles or filaments, particu- 
larly near the mouth. These are very 
sensitive. Catfish, mullets, barbels, 
cod, haddock and sturgeons have 
filaments of this type. In others (e.g. 
the Gurnard) the pectoral (‘shoulder’) 
fins are modified. The Gurnard also 
has receptors on these fins that are 
sensitive to chemicals. 


Taste and Smell 

Senses for the detection of chemicals 
are well developed in fishes. Sharks 
and bony fishes have a pair of nostrils 
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not unlike those of higher animals but, 

except in lung fishes, they do not 
open internally into the mouth cavity 
though they may have in and out 
channels. They are placed in front of 
the mouth or on the upper side of 
head. 

Fishes can detect minute traces of 
chemicals in the water and, in this way, 
may locate both food and enemies. 
In hunting their prey some fishes rely 
more on scent than sight, and accord- 
ingly the olfactory (smell) parts of the 
brain are better developed. 

As in higher animals, the nose is 
used to locate objects at a distance— 
the smell receptors are called distance 
receptors. Similarly, fishes have taste 


The position of the nostrils in a dogfish. 


receptors that sample chemicals close 
to them. But whereas we have taste 
receptors only on our tongue and on 
certain parts of the wall of the mouth, 
bony fishes, at any rate, have them 
on the outside of the body too. Some 
species have them on the tail: the 
Whiting and the Gurnard have them 
on their pectoral fins. This makes an 
interesting comparison with insects 
that have taste receptors on their feet. 

Experiments with some fishes (e.g. 


Dogfish) show that they can dis- 
tinguish the four taste qualities— 
salt, sweet, sour (acid) and bitter. 


SUSPENSORY 
LIGAMENT 


A diagram of a section through the eye of a 
bony fish. 


Sight 

The structure of the eyes in fishes 
is similar to that of other vertebrates 
—in fact very like our own. They can 
be moved up and down and from left 
to right by an arrangement of muscles 
like that of other vertebrates. How- 
ever, whilst our own eye is focused by 
altering the shape of the lens,- in 
fishes the lens is moved backwards 
and forwards; that is, towards or 
away from the retina. In some 
fishes (e.g. Trout) the iris has little or 
no adjustment, but in others (e.g. 
Angler fish) it is highly mobile. 

The colours of bony fishes are 
brilliant and varied. It is not sur- 
prising, therefore, that colour vision 
is well developed in many of them, 
though it does not follow that a colour 
is bright and striking to another fish 
just because it appears bright to us. 
Experiments show, however, that 
many fishes (e.g. Goldfish) detect 


the difference between two different 
colours of the same brightness. A wide 
range of colour patterns is used in 
courtship display and the males are 
often brightly coloured whereas the 
females are dull and drab coloured. 
Examples of this occur in the Cuckoo 
wrasse and the Stickleback. Male 
Sticklebacks will certainly attack red- 
coloured models that are placed near 
them in the water—exactly the 
natural reaction that they have 
against other males in order to 
preserve their territory. 


SEMICIRCULA 
CANALS — 


cat-fishes, for example. In World 
War II, microphones were placed in 
submerged hollow containers, for the 
latter act as amplifiers in a liquid, 
and so submarines could be detected 
more easily. Undoubtedly the air- 
bladders amplify the vibrations re- 
ceived by the fish and these amplified 
vibrations are then ‘relayed’ to the 
lagena along the chain of ossicles. It 
is interesting that carps and catfishes 
have excellent hearing whereas some 
bony fishes (lacking the above ampli- 
fying devices) are almost deaf. 


A diagram showing the relationship of the inner ear, ear ossicles and air bladder in a 


carp-like fish. 


Hearing and Balance 

The ears of fishes are similar to 
the inner part of our own. The 
cochlea or lagena is not coiled and 
lacks the complicated structures (e.g. 
basilar membrane) found in the human 
ear. Yet experiments show that this 
is the hearing organ. 

There is no eardrum and no ear 
passage in communication with the 
outer world. Sound waves are re- 
ceived, in most cases, by the lagena 
directly through the fish’s body (hav- 
ing travelled through the water). 
Many fishes produce sounds, the 
detection of which is probably im- 
portant at times of spawning. 

Besides the lagena there are two 
other chambers nearby, the sacculus 
and utriculus, and three semi-circular 
canals arranged in three planes and 
approximately at right angles to 
each other (as in the human ear). 
Each chamber contains a chalky ear- 
stone or otolith—these press down on 
nerve endings and inform the fish 
what its position is in relation to the 
direction in which gravity acts. 

In some fishes there is a special 
chain of bones—the Weberian ossicles— 
attached to the backbone and linking 
the ear with the air bladder. This 
arrangement is present in carps and 


The lateral line system 

This remarkable system of sense 
organs is found only in fishes and in 
the young (tadpole) stages of frogs 
and other amphibians. It is better 
developed in bony fishes than in shark- 
like fishes. Along the sides of both 
sharks and bony fishes a line from the 
back of the head to the tail can 
clearly be seen. This is the lateral line. 


them. 


NERVE FIBRES SUPPLYING 
SENSE CELLS 
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A diagram showing the extent of the lateral line system of a fish. (Below left) a block 
diagram of a piece of skin showing the structure and arrangement of the lateral line 
system. (Below right) a section through the sense-cells and the nerve fibres supplying 


SKIN SURFACE 


A pattern of similar lines can be 
seen on the head. They consist of 
distinct groups of sensory cells ar- 


ranged in long rows and supplied 


with nerve endings. 

The cells are protected either in 
an open groove running just be- 
neath the surface of the skin or 
in a tube which opens to the ex- 
terior (through the scales in bony 
fishes, between them in sharks) at 
intervals by a series of pores. 

Each cell has a_ hair-like pro- 
cess projecting into the water in 
the groove or tube. Movements and 
vibrations in the water round the 
fish move the hairs and the dis- 
turbance of the sense cell results in 
signals passing along nerve fibres to 
the brain. 

The lines on the head are par- 
ticularly well developed in the her- 
ring and other plankton-feeding fish. 
The system may play an important 
part in the detection of food. A cer- 
tain deep-water fish has lateral line 
organs on stalks projecting from the 
sides of the body. Food is scarce in 
the abyssal regions of the sea: is it 
possible that this extraordinary de- 
velopment of the lateral line system 
helps the fish to detect prey? Alter- 
natively, of course, it would be 
equally valuable in detecting dis- 
turbances of the water due to 
enemies. 
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Using a Microtome 


AND section-cutting is a simple 

and efficient method of obtain- 
ing small numbers of thin sections of 
plant or animal tissue but, where 
large numbers are required, the micro- 
tome is an indispensable aid. It is a 
device by means of which one can ob- 
tain numerous sections of uniform 
thickness. It is impossible to cut really 
thin sections by hand, but most micro- 
tomes will cut sections down to about 
two thousandths of a millimetre. 
There are several designs for micro- 
tomes, the one shown here being called 
a rocking type, because of its action. 

The material to be sectioned is 
treated to prevent shrinkage and em- 
bedded in a block of paraffin wax. The 
block is then attached to the object- 
holder. The blade remains firmly fixed 
in a clamp and the section is moved 
across the cutting edge by a series of 
levers. As with all section cutting, a 
perfectly sharp blade is essential. 

The desired thickness is set by 
adjusting the moving scale, and the 
object to be sectioned is fixed in 
the holder so that it is close to the 
knife. The operating handle is moved 
backwards and forwards to work 
the machine. The rocker-arm is pivoted 
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in such a way that when the handle 
is moved, the object to be sectioned 
is raised above the knife edge. When 
the handle is released, the return spring 
brings the object down smoothly across 
the blade and the section is cut. 

Before another section can be ob- 
tained the object must be moved 
forward the required amount. This 
is done by the action of the notched 
wheel and the /feed-arm. One end of 
the latter is connected to the wheel 
by a screw thread, while the other 
end rests on a curved surface and 
carries the pivot of the rocker-arm. 
When the operating handle is moved, 
a ratchet mechanism turns the wheel 
and the end of the feed-arm moves 
up the screw. The tilting of the other 
end thus carries the rocker-arm and 
object forward for the next cut. The 
distance moved, and therefore the 
thickness of the section, depends upon 
the pointer setting on the scale. 

If the object is set in wax of suit- 
able melting point the successive 
sections will adhere in ribbons as 
they are cut and a complete sequence 
can be obtained. This is of great 
value in studying the changes occur- 
ring, for example, in the growing 
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A close up of the pivots of the arms and the 
object holder. 


region of a plant or the alimentary 
canal of a tiny insect. 

A number of microtomes are adap- 
ted for cutting frozen tissues. A fine 
jet of liquid carbon dioxide is blown 
over the object. This freezes it solid 
so that sections can be cut. They 
cannot be as thin as wax-embedded 
ones, however, nor can serial sections 
be obtained. The advantage is that 
fresh tissue can be sectioned without 
the danger of chemical change. 

Sections cut with the microtome 
can be mounted and stained in the 
same way as hand-cut sections. The 
wax is removed by a suitable solvent 
such as xylene. 


| OCEANOGRAPHY 


A fathometer measures sea depths by the time it takes for a high-pitched sound or ‘ping’ 
to echo back from the ocean floor. A stylus records the depth on a moving piece of paper 
and thus gives a faithful profile of the sea floor passing beneath the keel of the ship. 


The Ocean Floor 


OR many years men believed the 

floor of the ocean to be quite 
flat and featureless. In fact they 
could not have been more wrong, for 
the subterranean scenery rivals any- 
thing to be found on land, at least 
in size if not in diversity. The greatest 
mountain range in the world is the 
submerged Mid-Atlantic Ridge. This 
runs in a great S-shape for 10,000 
miles right down the middle of the 
Atlantic from Iceland almost to the 
Antarctic Circle. Its crests and peaks 


HYPSOGRAPHIC CURVE 
VARIOUS LEVELS 


DEEP-SEA 
PLAIN 


CONTINENTAL 
SHELF 


tower thousands of feet above the 
ocean floor and in some places break 
the surface to form islands such as the 
Azores, Ascension, St. Paul’s Rocks 
and Bouvet. The highest peak of this 
mountain range rises 15,000 feet above 
the ocean floor and a further 7,615 
feet above sea-level to form Pico 
island, one of the Azores group. Nor 
can the gorges and valleys on the 
land match the great subterranean 
chasms like the Challenger Deep, 
where the sea bed drops steeply 
away to the inky blackness almost 


seven miles below sea-level. 
Neglecting the many submarine 
ridges and mountains, the ocean floor 
can be divided into four separate 
parts: the continental shelf, the continental 
slope, the deep sea plains and the great 
ocean deeps. The continental shelves 
are shallow areas, never more than 
600 feet deep, surrounding the land 
masses. Really, they are submerged 
sections of the continents. The great 
ocean deeps will never become dry 
land, nor will the continents sink 


SHOWING THE RELATIVE AMOUNTS OF LAND AND SEA AT 


GREATEST HEIGHT 


MOUNTAIN 
RANG 29,028 FEET 


CONTINENTAL 
PLATFORM 


AVERAGE HEIGHT OF 


LAND 2,707 FEET 


MEAN DEPTH OF THE 
SEA 12,460 FEET 


GREATEST DEPTH 
36,204 FEET 


to become ocean basins, for both 
are very permanent features of the 
Earth’s crust. But the margins of 
the continents have changed a great 
deal during the Earth’s history and 
consequently the extent of the con- 
tinental shelves has changed consider- 
ably too. At present they make up 
some 7°% of the oceans, but in the 
past it has been considerably more. 
The greatest continental shelves are 
to be found on both sides of the North 
Atlantic where extensive plains reach 
down to the sea and dip gently 


beneath the waves. Islands which rise 
from these shallow platforms are 
termed continental in contrast to oceanic 
islands which represent the tops of 
mountains rising from the depths of 
the sea. The continental shelf dips 
very gently seawards, sometimes as 
little as one foot in a thousand, but its 
seaward edge is bounded by quite 
steep slopes (rarely less than one foot 
in fifty) which lead down to the deep 
sea plains. These dreary undulating 
areas, usually more than two miles 
below sea-level, make up more than 
three-quarters of the ocean floor. 
The great ocean deeps are long, 
narrow, trough-like depressions in the 
oceanic plains. The strange thing 
about them is that they tend to occur 
near the margins of the land rather 
than in the middle of the oceans, and 
particularly in the vicinity of moun- 
tain ranges where the land dips 
steeply under the sea. It has been 
suggested that the formation of these 
great trenches is linked with the 
formation of the neighbouring moun- 
tains. Thus, the deepest part of the 
Atlantic Ocean is the Puerto Rico 
trench which lies just to the north of 
the island of the same name. Here the 
sea-bed drops steeply down to 4,750 
fathoms. Similarly the great deeps 
of the Pacific Ocean are found to the 
east of Japan (Japan trench), to the 
east of the Philippine Islands (Min- 
danao trench) and to the east of the 
Mariana Islands (the Mariana 
trench). The last of these depres- 
sions is the deepest in the world— 
36,204 feet below sea-level. 
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The Covering of the Ocean Floor 

The covering of the ocean floor 
consists of mud, ooze and clay, the type 
of sediment depending largely on 
depth. The continental shelf is covered 
with debris carried off the land by 
streams and rivers. This land-derived 
or terrigenous material helps to build 
the continental shelves seawards like 
great ‘tips’. It is usually blue in 
colour near the land, but farther out 
to sea the fine mud may be brown or 
green according to the chemicals 
contained. 

Oozes are formed by the deposition 
of the skeletons of microscopic marine 
organisms and are termed pelagic 
(ocean-derived) deposits. The bodies 
of these creatures rain down upon the 
sea floor the whole time, but they 
are so small that the deposits accum- 
ulate very slowly. There are four 
principal types of ooze, each classified 
by the predominance of one group of 
creatures. Pteropod ooze is a calcareous 
deposit (i.e. the skeletons of pteropods 
are composed of calcium carbonate) 


Collecting a sample of the bottom sediment 
is, in theory at least, a fairly simple 
operation. The instrument used 1s a steel 
pipe about three inches in diameter and ten 
Seet long with a sharp cutting edge at one 
end. Attached to the pipe may be as much 
as a thousand pounds of lead weight. The 
pipe ts lowered through the water with a 
triggering device hanging several feet below 
it. When the trigger touches the bottom it 
allows the tube to fall free for the last 
part of its descent and bury itself in the 
sediment. The pipe with its core of sediment, 


and is best developed around the 
100 fathom mark. Below this level the 
skeletons tend to be dissolved. It is 
most common on the mid-Atlantic 
Ridge, but even here the amounts are 
small. Globergerina ooze is another 
calcareous deposit but is much more 
widely distributed than pteropod 
ooze. Best developed around 2,000 
fathoms, it covers most of the floor of 
the Atlantic Ocean and much of the 
Indian and southern Pacific Oceans. 

Radiolarian ooze is a siliceous de- 


| posit. In other words the skeletons 


of radiolarians are composed of silica. 


_ As they do not dissolve very easily, 


radiolarian ooze is found at con- 
siderable depths but only in tropical 
waters where the creatures live. Di- 
atoms, on the other hand, live in 
colder waters and their remains are 
found in the wide belt of diatom 
ooze encircling Antarctica. 

A large proportion of the ocean bed 
is so deep that the skeletons of all 
these creatures are dissolved before 
they reach the bottom. At these great 


which provides valuable information, is 


then hauled up for examination. 

The depth of sediment covering the sea 
floor can be determined by exploding a charge 
of T.N.T. near the ship. Some of the sound 
waves from the explosion are reflected from 
the surface of the sediment but others pass 
through it and are reflected by the solid 
bedrock beneath. The depth of sediment can 
be calculated from the difference in time 
taken by the two signals to echo back to the 
ship, where they are picked up by sensitive 
hydrophones. 
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0-600 600-6,000 
FEET FEET 


6,000-12,000 
FEET 


12,000-18,000 OVER 18,000 
FEET FEET 


OCEAN DEPOSITS 


ea a RED CLAY 
depths the characteristic deposit is 
red clay, a mixture of volcanic dust, 
cosmic dust and odd things like the 
almost insoluble sharks’ teeth. The 
red colouring is due to ferric oxide in 
the volcanic dust. 

It must be remembered that no 
deposit is entirely pure but is classi- 
fied according to its main content. 
Thus, the remains of marine organisms 
rain down with equal intensity on the 
continental shelf as on deeper parts 
of the ocean bed. But on the former 
they are so insignificant compared to 
the material dumped by streams and 


a 


TERRIGENOUS 
DEPOSITS 


eigre> ase" 
rivers that the relative amount of 
ooze is negligible when compared to 
the amount of mud. Similarly, vol- 
canic and cosmic dust fall over all 
parts of the oceans, but the total 
amount is so small that red clay 
will only build up where nothing 
else accumulates. Nor are the 
boundaries between these various 
deposits clearly defined. There is, for 
instance, a gradual transition between 
true red clay and true radiolarian 
ooze and it is a question of where red 
clay with radiolarians becomes radio- 
larians with red clay. 
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| OPTICS 


HERE are three ways of trans- 

ferring heat from one place to 
another: by conduction, convection, 
and by radiation. Most forms of 
domestic heating are based on the last 
two of these. An electric bar-fire, 
for instance, is principally a radiator 
of heat. Because the heating element 
is hot, it radiates energy in the form 
of electromagnetic waves. These waves 
result from movements of electrons, 
and from vibrations of the atoms 
and molecules which constitute the 
metal in the element. 

The fact that the element is glowing, 
or incandescent, means that it is emit- 
ting some visible light. But more 
important with an electric fire, the 
element is giving off infra-red heat 
radiation. This is invisible to the 
human eye, but it can be detected 
because it produces the sensation of 
heat in any part of the human body 
that it strikes. 

In the electromagnetic spectrum, 
infra-red rays lie between visible light 
and radio waves. The wavelengths of 
these radiations are longer than those 
of visible light, but shorter than 
radio waves. They carry less energy 
than light waves: because of this 
they are more difficult to detect by 
photography. Only those infra-red 
rays with wavelengths very close 
to the visible region have enough 
energy to blacken a photographic 
film. 

Infra-red radiation is produced by 
the vibrations of electrons, atoms 
and molecules. When these are agi- 
tated or excited it is propagated 


infra-red lamps. 
These provide gentle, draught-proof warmth, 
which accelerates the growth of the chicks. 
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THE INFRA-RED 


through space with the speed of light 
(30,000,000,000 cm./sec.), and heats 
objects in its path by causing vibra- 
tions of the electrons, atoms and 
molecules which make up these ob- 
jects. The greater the energy of these 
vibrations, the shorter the wavelength 
of the infra-red radiation. Infra-red 
waves travel out in straight lines 
from their source, as do all electro- 
magnetic waves. So radiant heat can 
be felt only by something in direct 
line with a source. It is similar in 
many ways to visible and ultra-violet 
rays. 

In the other forms of heating, by 
convection and conduction, the heat 
can ‘travel round corners’. In the 
case of convection the hot air itself 
is carried from the heater to the 
body receiving it. The air molecules 
through which the infra-red radia- 
tion passes absorb it hardly at all. 
The radiation travels on until it 
hits, and is absorbed by, a denser 
medium. 

The major source of heat on the 
Earth is the infra-red radiation from 
the Sun. A little of this radiation is 
trapped or absorbed as it passes 
through the Earth’s atmosphere. The 
rest heats the Earth when it strikes 
the ground and is absorbed. 


Most forms of domestic heating are 
concerned with raising the overall 
temperature of a room, and so both 
convection and radiation provide a 
useful means of heat-transfer. 

Sometimes, however, it may be 
required to heat one particular place. 
The only way of doing this efficiently 
is by pure radiation. Convection 
currents heat up other parts of the 
room, and may easily be disturbed by 
draughts. 


Infra-red lamps 

Convection currents can be stopped 
by enclosing the element in a glass 
bulb, thus making it into an infra- 
red lamp. This is similar to the 
incandescent filament lamp which 
gives out visible light. To direct the 
infra-red radiation, part of the inside 
surface of the bulb is coated with a 
material which reflects infra-red, and 
helps to beam the radiation all in one 
direction. 

The element, or filament, of an 
infra-red lamp is at a lower tempera- 
ture than the filament of an ordinary 
lamp bulb (2,400°C., compared with 
about 3,000°C.). The filament lamp 
has to be at a higher temperature 
so that a larger proportion of its 
radiation is of visible light. The lower- 


Repairing shoes with the aid of infra-red. 
The cement holding the worn sole to the 
rest of the shoe ts ‘activated’ in an infra- 
red oven, and the sole can then be easily 
removed without damaging the upper leather. 


temperature infra-red lamp gives a 
maximum intensity of radiation at 
about 15,000 Angstrém units (the 
visible spectrum ends at about 7,600 
A). The filament is less hot, so the 
radiations are less energetic. Radiant 
heat travels with the speed of light, 
so that radiation is transferred almost 
instantaneously from one part of a 
room to another. 

The speed with which any object is 
heated with infra-red radiation de- 
pends mainly on the difference of 
temperature between the colder, heat- 
absorbing body and the emitter of the 
infra-red. With infra-red lamps the 
difference in temperature may be 
about 2,000°C., so the warming-up 
will be rapid. 


Uses of Infra-red 

Infra-red radiation has a large 
number of applications as a source of 
heat. Because it is unaffected by 
draughts, it can be used as efficient 
out-of-door or indoor ‘spot’ heating. 
There are many industrial uses of 
infra-red lamps. They can be used for 
baking and drying paints, enamels 
and varnishes on practically all types 
of materials. One snag in this process 
is that paints will dry at different 
rates, depending on their colour. 
Black paint dries more quickly than 
white paint. A white paint reflects a 
great deal of infra-red and so absorbs 
heat more slowly than a black paint 


which absorbs practically all the 
radiation falling on it. 

Infra-red is used as a safe and 
convenient provider of heat for dis- 
tilling liquids, especially those which 
are volatile (turn to vapour easily) or 
highly inflammable, and which could 
easily be set on fire if a naked flame 
or a heat source open to the air were 
used. The hot part of an infra-red 
lamp is completely enclosed. 

Infra-red grills cook far more 
quickly than ordinary grills, where 
heat would have to be conducted and 
convected through to the centre of 
the joint. When meat is grilled under 
infra-red, the radiation is able to 
penetrate throughout the meat. In- 
stead of taking the longest to cook, the 
centre may be cooked quicker than 
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beams of visible light. The driver 
sees the light rays reflected from any 
object that the visible radiation 
strikes. Much the same thing can be 
done with infra-red rays, but the 
driver does not reveal his own position 
in doing so. This has many military 
applications, especially in target range- 
finders and weapon guiders. Naturally 
the driver’s eyes would not be able to 
detect the reflected ‘picture’ of infra- 
red radiation. Instead he uses a 
device called an infra-red image con- 
verter. This, quite literally, converts 
the infra-red ‘picture’ into a visible 
picture. The radiation falls on a 
sensitive photo-cathode, which forms 
part of an apparatus similar to the 
cathode-ray tubes used in television 
sets. The radiation liberates electrons 


THE MAXIMUM INTENSITY IS IN 
THE INFRA-RED 
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A cut-away diagram of a short-wave infra-red lamp. The graph shows the range of wave- 
lengths emitted by this sort of lamp. Most of the radtation is outside the visible region. 


An infra-red image converter enables the soldter to see in the dark. Infra-red rays beamed 
in the direction of his target are reflected by the target and converted into a visible image. 


the outside. Heat can escape from the 
outside, but not from the centre, so 
the outside would tend to become 
cooler. 

Although its main use is in heating, 
infra-red has many other more specia- 
lised applications. 

Car headlights enable the driver to 
see in the dark because they send out 


from the photo-cathode (the photo- 
electric effect), the electrons are ac- 
celerated by an electric field, and 
travel on to strike a fluorescent 
screen. There, each electron causes 
a spot of visible light, the intensity 
of the light being proportional to the 
intensity of the infra-red radiation 
striking the cathode. 
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| INDUSTRIAL CHEMISTRY | 


Fractional Distillation 


NE of the easiest and most satis- 

factory methods of purifying a 
liquid is to distil it. The vapours 
obtained by boiling the liquid in a 
flask are passed down a condenser 
from whence the purer product is col- 
lected. In this way all the solid impuri- 
ties are left behind in the flask, so also 
are liquid impurities provided their 
boiling points are far enough above 
that of the desired liquid. 
The simplest_form of distillation 


apparatus for use in the laboratory 
consists essentially of a distillation 
flask, water-cooled condenser and 
receiver. But even in the laboratory 
such an arrangement has limitations, 
the principal disadvantage being its 
inability to separate two liquids whose 
boiling points are fairly close together. 

Although the boiling point of a 
liquid (A) may be 126° C., some eva- 
poration will occur as its tempera- 
ture is raised towards boiling point. 
If another liquid (B) which boils at 
98°C. is mixed with A, rather more 
of liquid A than before is transferred 
from the distillation flask along with 
the vapours of boiling liquid B. Some 


Assembling a typi- 
cal laboratory scale 
apparatus for the 
separation of amix- \f 
ture of liquids by |) 
fractional ~— distil- | 
lation. 


| Simple laboratory 
apparatus. 


distillation 
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of liquid A has been vaporized below 
its boiling point, but an even larger 
quantity of it is carried over into the 
condenser as fine liquid droplets in 
the form of a mist. These droplets of 
liquid A are swept out of the flask with 
the vapours of boiling liquid B. This 
effect can be reduced by not heating 
the flask too vigorously. 

Thus even with the simple appara- 
tus some separation of the liquid 
mixture into its two components is 
achieved. Samples collected in the 
receiver at the beginning of the sepa- 
ration will be found to be richer in 
liquid B, the more volatile component, 
than was the original mixture. (Since 
liquid B has the lower boiling point 
of the two components, it evaporates 
more readily, so it is said to be more 
volatile.) For a while the temperature 
of the vapour leaving the distillation 
flask will remain at about 98°C., and 
the distillate will continue to be rich 
in liquid B. However, when most of B 
has been distilled, the temperature of 
the vapour will rise rapidly to around 
126°C. and the distillate will then be 
richer in liquid A, but there will still 
be some B as impurity. 

Much more complete separation of 
the components of a liquid mixture can 
be obtained by inserting a_fractionating 
column between the flask and the con- 
denser. In this unit the separation 
of the more volatile from the less vol- 
atile component started in the flask is 
continued. Whereas in the simple 
apparatus a large proportion of the 
vapour flows directly into the conden- 
ser, some of the less volatile com- 


ponent condenses on the walls of the 
fractionating column and runs back 
into the flask. 

The vapour leaving the flask is al- 
ready richer in the more volatile 
substance than was the original liquid. 
However, the degree of separation is 
improved still further as the vapour 
passes up the fractionating column. 
As the vapour rises upwards it is 
met by a flow of liquid coming down 
the column. This liquid is richer in 
the less volatile component. 

Since heat is supplied to the foot 
of the column to evaporate the liquid, 
and heat is removed from the top of 
the column in condensing the vapour, 
it follows that there is a gradual re- 
duction in temperature experienced 
by the vapour as it rises upwards. 
Thus there is an even greater ten- 
dency for the less volatile component 
to condense as it approaches the top of 
the column. The presence of the liquid 
flowing downwards encourages the 
less volatile component in the vapour 
to condense, while the up-flow of the 
vapour rich in the more volatile com- 
ponent tends to re-evaporate any of 
this component which has condensed. 

In order that this process of con- 
densation and re-evaporation may 
proceed efficiently it is essential that 
the vapour and liquid phases are 
brought into contact with one another 
as they flow up and down the 
column. To achieve good contacting, 
the liquid phase must be spread over 
as large an area as possible since such 
liquid/vapour exchanges only take 
place at the surface of the liquid. 


Various methods are used, both in 
the laboratory and on a commercial 
scale, to spread the descending liquid 
film over as large an area as possible. 
In some laboratory columns the glass 
surfaces have been specially shaped 
with wrinkles and folds to increase 
the surface area. Another technique 
which is used industrially as well as in 
the laboratory is to pack the column 
with small hollow cylinders of porous 
pottery or small spirals of metal foil. 

On the manufacturing scale, the al- 
ternative to the packed column is the 
tray column. In the latter columns 
a number of trays are fitted at regular 
intervals down the column. The most 
common pattern of tray is the one 
which supports bubble caps. In this 
type there is good contacting between 
the descending liquid and rising 
vapour on each tray since the vapour 
actually bubbles through a shallow 
layer of liquid. 

Distillation columns are generally 
run continuously, since this ensures 
products of fairly constant composi- 
tion. The raw liquid which has al- 
ready been warmed is usually intro- 
duced on to a tray part way up the 
column. By means of the condenser at 
the top of the column, all the vapour 

ar —,- 


Bubble cap tray complete with downcomer 
and weir for an industrial distillation 
column. 
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Section through typical bubble cap trays 
showing how the vapour bubbles up through 
the liquid. 


reaching the top is turned back to 
liquid. Some of this condensed va- 
pour is withdrawn, while the re- 
mainder is returned to the column. 
Likewise, some of the liquid arriv- 
ing at the base of the column is with- 
drawn, but the remainder is re-eva- 


An industrial fractionation unit incor- 
porating a pre-heater, bubble cap 
column, condenser and rebotler. 
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MORE VOLATILE 
COMPONENT 


VOLATILE 
COMPONENT 


porated and re-enters the base of the 
column. The liquid arriving at the 
foot of the column contains only small 
quantities of the more volatile com- 
ponent. In order that the column shall 
neither be flooded nor run dry, it is 
essential that the total volume of 
liquid withdrawn shall be the same as 
the volume of liquid fed. 

Distillation columns are widely used 
in the purification of organic liquids, 
in the refining of oil and in the manu- 
facture of whisky, brandy and similar 
alcoholic beverages. In refining oil, 
various products may be withdrawn 
from several points up the column as 
well as from the top and base. 
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| APPLIED SCIENCE | 


OMMUNICATION by _ tele- 

phone is possible because varia- 
tions in speech, of loudness and tone, 
are converted into variations of elec- 
tric currents by a microphone in the 
mouthpiece of the telephone set. At 
the receiver the electric currents are 
converted back into sound variations 
by the vibrations of the diaphragm in 
the ear-piece of the set. Now the two 
wires which carry the current between 
the two telephone sets have to be in- 
sulated from one another and earth. 
However, because of moisture in the 
air between the wires, dirt and soot 
on the insulators on the roadside poles 
and imperfections in the insulation of 
cables and other apparatus, more and 
more of the current is lost as the dis- 
tance between sets increases. In over- 
land telephone systems this loss of szg- 


FIRST CONVERSATION 


SS OS 


nal strength, as it is termed, is made 
good by inserting electronic ampli- 
fiers or repeaters in the line at frequent 
intervals. These amplify the signals 
and stop them from fading away over 
large distances. In this way telephone 
communication over thousands of 
miles is made possible. The repeaters 
are supplied with electric power loc- 
ally and are accessible for maintenance 
and repair. 

Until recent times it was not pos- 
sible to have such a system over routes 
which include more than a few miles 
of undersea or submarine cable be- 
cause of the difficulty of providing 
and maintaining suitable repeaters. 
The development of submarine cables 
which lose very small proportions of 
the signal (‘low loss’ cable), and, 
more especially, the development of 
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_ very long-life 


(20 years or more) 
merged repeaters, has changed all 
this. 

In addition to providing reliable 
transmission over long distances, 
modern techniques make it possible 
for one cable to transmit many con- 
versations at once. This is done by 
transmitting the different conversa- 
tions in different frequency channels, 
and in practice 75 different conversa- 
tions may be transmitted simultane- 
ously in one piece of cable. 

With a normal telephone system it 
is possible to transmit and receive on 
the same pair of lines at either end. 
This is not possible in a submarine 
cable system because of the difficulty 
of arranging for the changeover from 
‘transmit’ to ‘receive’ when the direc- 
tion of the transmission changes. 
So for two-way communication it 
is necessary to have two channels 
for each pair of users. Early systems 
used two separate cables, one for 
each direction, but in modern sys- 
tems one cable is used, with the 
signal travelling in one direction 
transmitted at one frequency and 
the signal travelling in the other 
direction transmitted at a different 
frequency. 

Mention has been made of the very 
high degree of reliability of the 
repeaters. The necessity for this is 
of course purely economic. The 
failure of a repeater due to the 
breakdown of a component, which by 


A repeater unit going overboard. 
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In a two-way conversation the signal from A to B will be transmitted at a low carrier 


frequency of, say, 50,000 c/s, and the signal from B to A at a higher frequency of 350,000 

c/s. In the repeater these signals are separated by the band-pass filters, the low-frequency- 

pass filter allowing only low frequencies to pass from A to B, and the high-frequency-pass 
gh f 


filter allowing on i requencies to pass from B to A. 
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The repeaters each contain two identical, 3-valve, electronic amplifiers. These are made 
from components which have been carefully selected for bare: § Each of the amplifiers 
is capable of dealing on its own with the full traffic load, so that there would be no inter- 
ruption in service if one or the other failed. The amplifiers work for both directions of 
traffic. 

The signals passing in one direction are all transmitted at frequencies below 300,000 
cycles per second, and all signals passing in the opposite direction are transmitted at fre- 
quencies above 350,000 cycles per second. In order to make sure that signals in the correct 
frequency range pass in the right direction band-pass filters are included in the repeaters. 

So, signals from terminal station A to B pass through a low-frequency-pass filter, into the 
amplifiers, out through a further low-frequency-pass filter back into the cable and so on 
towards terminal B. The low-frequency-pass filters are electrical networks which only 
allow currents at frequencies below 300,000 c/s to flow through; higher frequency currents 
(from B to A) are rejected. Terminal B to A signal passes through a high-frequency-pass 
filter, into the amplifiers, out through a further high-frequency-pass filter back into the 


A light-weight transatlantic 
stripped down to show its component 
parts. The compound central conductor 


carries both the direct current supply 
for the amplifiers and the signal. The 
‘return’ is through the aluminium con- 
ductor tapes. 


itself costs no more than a shilling, 
could involve a considerable loss of 
revenue, to say nothing of the cost 
of sending out a repair ship to locate 
the cable and replace the faulty 
repeater. To minimise the risk of a 
complete disruption in service each 
repeater includes two identical am- 
plifiers, each of which is capable of 


Preparing the parachute for positioning a 
repeater. 


cable and so on towards terminal A. 


Power is supplied as direct current from both terminals to the amplifiers. 


carrying the full traffic load with- 
out noticeable deterioration in 
quality. Should a fault develop in 
one amplifier this is immediately 
noted at the terminal testing station 
and a repair ship is directed to the 
position of the faulty repeater. Re- 
placement is then carried out before 
any trouble can develop with the 
second amplifier. 

The initial laying of the cable and 
repeaters is a very highly specialised 
art, and there are only a few suitably 
equipped ships available for this 
purpose. Great care has to be taken 
that the cable is payed out at a con- 
stant rate and under constant tension 
so as to avoid kinking or stretching. 
Laying of the cable is done as the 
ship steams at about 5 knots. The 
repeater units have to by-pass the 
cable tensioning mechanism and the 
ship has to reduce speed to about 14 
knots as the repeater is lowered into 


the water. Each repeater weighs 
about 4 a ton, is about 1o feet long 
and nearly 1 foot in diameter. The 
rate at which a repeater descends 
through the water is controlled by a 
parachute so that no internal damage 
will be caused by shock or vibration 
when it finally settles on the sea 
bed. Repeaters are laid every 26 
nautical miles (about 30 miles) when 
light-weight, low loss cable is used; 
this is usually at depths greater than 
3,000 feet. In shallower waters, where 
the risk of damage from fishing trawls, 
anchors and grounding icebergs is 
higher, armoured cable is used; this 
has a higher loss factor and so the 
repeaters are laid every 18 nautical 
miles. For every 1,000 nautical miles 
of cable some 40 to 50 repeaters are 
required. A modern cable ship can 
lay about 1,000 nautical miles of 
cable in one run; this may involve 
day and night working. 
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| ORGANIC CHEMISTRY 


MAKING 


MARGARINE 


VER the years margarine has be- 
come a basic item on the family 
grocery list, especially for cooking. 
It has a longer history than perhaps 
one might expect, dating back to the 
late 1860’s during the reign of the 
French Emperor Napoleon III. Napo- 
leon commissioned a chemist, Mége- 
Mouriés, to investigate the possibility 
of producing a cheap kind of butter 
which had good keeping properties. 
Although the methods of margarine 
manufacture which resulted (and in- 
deed the product itself) have changed 
almost out of recognition since that 
time, it is of interest to consider Mége- 
Mouriés’s approach to the problem. 
He aimed to produce a butter 
equivalent by carrying out mechani- 
cally some of the processes by which 
a cow makes its milk. As a result of 
extensive studies he came to the con- 
clusion that if purified beef tallow, 
milk and water were churned and 
cooled, a passable butter substitute 
might be obtained. Mége-Mouriés 
also added chopped cow’s udder to the 
mixture, under the illusion that it 
would change the beef fat into milk, 
though of course this did not happen. 
Mége-Mouriés derived little profit 
from his discoveries and in fact was 
driven to bankruptcy in trying to ex- 
ploit them. Others, however, were 
more successful, and within a few 
years margarine was being widely 
made in Europe and America. Today 


Interior of a stainless steel maturing tank 
Srom which matured fat-free milk is passed 
to the pre-mixing tank. 
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Kingdom alone amounts to almost 
400,000 tons. 
The Modern Process 

The main ingredients of the marga- 
rine made today are oils and fats, 
fat-free milk, salt and vitamins. Many 
of the first group, the oils and fats, 
are obtained from vegetable sources 
such as the coconut, the groundnut 
and the palm kernel. 

The margarine manufacturer must 
first take steps to ensure that the 
ingredients are wholly nutritious, and 
then he must transform the mixed 
ingredients into an attractive and 
palatable product. 

On arrival at the margarine factory, 
the natural oils and fats, which have 
already received some treatment, are 
neutralized (treated with alkali) to 
remove free fatty acids which would 
otherwise spoil the flavour. They are 
then repeatedly washed to remove any 
excess alkali and afterwards dried 
under a vacuum. 

Bleaching is also carried out at this 
stage, for the crude materials are dark 
in colour. Substances such as fuller’s 
earth or carbon will absorb the 
natural colouring pigments, and are 
mixed with the oil and then heated. 
After filtering, which removes the 
fuller’s earth and absorbed impuri- 
ties, the oils and fats are passed to the 
deodorizing plant, where residual un- 
desirable tastes and smells can be 
removed by steam distillation in a 
vacuum. From this plant they are 


Pre-mixing tanks in which the blends of 
oils and fats are mixed with matured fat- 
Sree milk, salts and vitamins. 


stored prior to compounding or blend- 
ing. Different types of margarine re- 
quire different proportions of the 
various oils and fats, and the com- 
pounding panels and tanks which 
achieve this are amongst the most im- 
portant features of the plant. 
Fat-free milk is first pasteurized 


HYDROGENATION 


One of the important processes in 
margarine manufacture is known as 
hydrogenation. This is carried out on oils, 
often before they are received at the 
factory. Animal and vegetable fats and 
oils are compounds of glycerine with 
various fatty acids. Whether they occur 
as liquid oil or as solid fats depends on 
their chemical structure. 

Both glycerine and fatty acids, in 
the chemical sense, have skeletons of 
linked carbon atoms, with oxygen and 
hydrogen atoms attached. Some fatty 
acids, the principal one being oleic acid 
(C,,H3;COOH), do not contain all the 
hydrogen they could, and they are called 
unsaturated acids. Hydrogenation means 
putting hydrogen into such acids. If the 
maximum amount goes in they become 
saturated. 

Whether a fatty material is liquid, like 
olive oil, or solid, like tallow, depends on 
the proportion of unsaturated acids it 
contains. An oil can be turned into a fat 
by hydrogenating it, and it may be fully 
hydrogenated to give a hard fat, or par- 
tially hardened to give a more plastic fat. 
Both types are used in margarine blends. 

Briefly hydrogenation can be achieved 
by heating the liquid oil in a closed ves- 
sel and bubbling a stream of hydrogen 
gas through it. Nickel is used as a catalyst 
to speed up the operation and is later 
filtered out. 


(heated) to ensure that it is free from 
harmful bacteria, and then passed 
to the maturing tank. Here a small 
quantity of soured milk (a starter), 
which has been selected for its effect 
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on the flavour, is added. The pre- 
pared milk is then fed into the pre- 
mixing tanks, where it joins the fats and 
oils from the compounding tank as 
shown above. Brine (a solution of salt 
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in water) and the vitamins A and D 
are also introduced at this stage. 

Now begins the margarine-making 
proper. In the votator-agitator machines 
the liquid emulsion is changed into 
solid margarine by cooling. The 
smooth texture and the correct con- 
sistency (thickness) are obtained by 
using devices which agitate (stir) the 
mixture as refrigeration takes place. 
The margarine issuing from the 
machines, which are almost com- 
pletely automatic, is delivered to the 
packaging plant where it is shaped 
and wrapped ready to be delivered to 
the customer. The packets of mar- 
garine are then put into cartons to be 
transported. 

Throughout the production of mar- 


A=} 


0 TEGES Mme 


PACKING 


Stages in the Manufacture of Margarine 


+ 
> MILK 


VEGETABLE 
OILS 


VOTATOR 
PROCESS 


PACKED 
MARGARINE 


5 


2 = ] 

if op ep ee" 
oS E=a =o 

Ba. eo, TO 


PACKING 


VOTATOR AGITATOR 


garine great stress is laid on hygiene 
for obvious reasons. Much use is made 
of stainless steel for tanks and pipes, 
for example, and workers wear clean 
overalls to carry out their tasks. 
Without doubt, however, the most 
important factor in ensuring a pure 
product is the almost completely 
automatic nature of the modern pro- 
cess. Rarely, if ever, are the mater- 
ials exposed to the open air in the 
later stages, and where a certain 
amount of control is necessary (e.g. 
during the compounding of the oils) 
the process is regulated by equipment 
linked to control panels. Continuous 
checks are made on the cleanliness of 
the machinery, the factory walls and 
floors, and indeed of the air itself. 


The votator department where solid margarine is obtained by specially chilling the liquid 
emulsion. The solid margarine then passes to the packaging machinery. 
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A DISTANT star may be 10,000,000,000,000,000,000,- 

000,000,000 centimetres away. At the other end of 
the scale, the diameter of the proton, one of the tiny build- 
ing bricks of the atomic nucleus, is only about 


1 
T,000.000,000,000 centimetres. 


This represents a vast difference in the scale of sizes 
of things, and the method of writing down these numbers 
is a rather clumsy one. A more convenient shorthand 
way of expressing very large or very small numbers is the 
index (plural: indices) notation, writing the number as a 
power of ten. 

The simple powers of ten are 10, 100, 1,000, 10,000 
and so on. The alternative way of writing 10 is 1o! 
(ten-to-the-first-power) and then 


100 is 10 x IO or 10? (ten-to-the-second-power, or 
ten-squared) 
1,000 is 10 x 10 x 10 or 10° (ten-cubed) 
10,000 is 10 x 10 x 10 x 10 or 104 (ten-to-the-fourth) 
and so on. 


2, 3, 4, in these examples, the indices, are called the 
logarithms or powers of ten. It is obvious that the indices 
of these numbers are the number of noughts after the 
first 1. A distant star is about 1-followed-by-28-noughts 
centimetres away, so this is written in index notation as 
10% (ten-to-the-twenty-eighth). 

For numbers smaller than one, the powers of ten are 
negative numbers. For instance 


79 is written as 107 (ten-to-the-minus-one) 
zw iS written as 10 (ten-to-the-minus-two) and so on. 


The diameter of a proton is about 10-” (ten-to-the- 
minus-twelve) centimetres. 

The number 1 in this scheme is 10°. This may not seem 
so obvious, although it fits into the index succession as 


shown by the series % I 10 or 107 10° 10! 


Division 


105 102 


Dividing one number by another is 
carried out by subtracting the logarithm 
of one number from the other. 


100,000 divided by 100 is written as 
This means ‘how many times will 100 


o into 100,000?’ The answer is 
,000, or 103 which is 105-2, 


THE LENGTH 
IS MADE UP 
OF 10 BLOCKS 


Ist POWER 


Zi AA 412) Zi fi ie 


2nd POWER OF TEN 
(TEN-SQUARED) 


100, OR 102, 
IS THE NUMBER 
OF BLOCKS IN 
A SQUARE 

10 BY 10 


3rd POWER OF TEN 
(TEN-CUBED) 


1000, OR 10%, 

IS THE NUMBER 
OF BLOCKS IN 
A CUBE 

10 BY 10 BY 10 


The reason why 10° is 1 will become clearer when the 
index notation is used for its most important function— 
making multiplication and division of any two numbers 
easier; in fact reducing multiplication into an addition 
process and division into a subtraction process. 
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10 divided by % can be written as 
104 1074, or 106) 

Minus (minus one) equals plus one, 
so the answer is 10%. Checking that 
this is the right answer: 10 divided 
by 75 means ‘how many tenths are there 
in 10? and the answer is 100. 


GEARS IN 
‘# i NEUTRAL 


A typical syncromesh three-speed gearbox 


This has a mainshaft, layshaft and first motion shaft similar to the sliding-mesh gearbox 
described in a previous article. In the syncromesh gearbox, however, only the gear E is 
free to slide into and out of mesh, both pairs of gears C and D as well as A and B being in 
constant mesh. The gear C on the mainshaft is not splined but is free to rotate on the 
splined mainshaft. Gear A is fixed to the first motion shaft. 

All the gearwheels shown have helical teeth because this type of gearing runs quieter and 
can withstand heavier loading than other types with reduced wear. 
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SYNCROMESH GEARS 


N a motor vehicle the function of 

the gearbox is to enable the driver 
to match the engine speed with the 
wheel speed so that undue strain is 
not put on the engine. The gear 
ratio employed has to be changed 
as road conditions change, and this 
means that revolving gear wheels 
have to be brought into mesh with 
each other. In a previous article, the 
sliding mesh or crash gear box was 
described. In that system smooth 
and silent gear changing would only 
be achieved if both the gear wheels 
were revolving at the same speed. 
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In practice, this would require con- 
siderable skill on the part of the 
driver. 

In modern motor vehicles, the syncro- 
mesh gearbox is the most common form 
of gearbox employed, and this device 
ensures that the two gears which have 
to be brought into mesh are auto- 
matically synchronised, thus ensuring 
easy and silent engagement of the 
gears. 

Most modern vehicles have syncro- 
mesh units in all gears except reverse 
and first, but some are syncromeshed 
in all the forward gears. 


The Syncromesh Unit 


i! 


Second Gear 


From the neutral position the gear 
lever first slides the complete syncro- 
mesh unit along the mainshaft and brings 
the cone of the inner hub into contact 
with the external cone on the gear C. 
These cones are pressed together and 
the speed of gear C is thus synchronised 
with the speed of the mainshaft. 

Further movement of the gear lever 
overcomes the pressure of the spring- 
loaded balls and pushes the internal 
splines of the outer hub into mesh with 
the dog teeth on the gear C. 

Since the gear C is now locked to 
the syncromesh unit, the drive from the 
engine will pass through A and B, the 
layshaft, gear D to gear C, through 
the outer and inner hubs of the syncro- 
mesh unit to the mainshaft and thence 
to the road wheels. 
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Top (Third) Gear 


Engagement of this gear is similar to 
that of second gear. 

The gear lever forces the cone of the 
inner hub into contact with the outer 
cone of gear A; this synchronizes the 
speeds of the first motion shaft (which 
is fixed to gear A) and the mainshaft. 
The splines of the outer hub are forced 
into mesh with the dog teeth on gear A 
and thus lock the syncromesh unit to 
gear A. The first motion shaft and main- 
shaft are now locked together and rotate 
as one unit to give ‘direct drive’. 

Reverse gear is engaged in a similar 
fashion to that in a sliding mesh gearbox. 


To enable the operation of the géarbox to be more easily understood, only 
one syncromesh unit is shown which works on both second and top gears. 

In the syncromesh unit there is an outer steel hub with internal splines. The 
outside of this hub is shaped to take the selector fork. An inner hub with both 
internal and external splines is mounted upon and free to slide on the splined 
mainshaft. Thus the whole unit rotates with the main shaft. This inner hub is 
provided, at each end, with internal cones lined with phosphor-bronze taper rings. 

The two hubs are held together by spring-loaded balls located in the inner 
hub, the balls being pressed into a groove machined around the centre of the 
bore of the outer hub. The outer hub can be made to slide over the inner hub 
when sufficient force to press the balls down against their springs is applied by 
means of the selector fork and gear lever. 

The gears A and C have rows of dog teeth or external splines, and projecting 


beyond the dog teeth is an external cone. 
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MOSSES AND THEIR RELATIVES 


HE mosses and liverworts so com- 
mon in damp, shady places, 
belong to the plant group, Bryophyta. 
These plants are of little economic 
value but are scientifically interesting 
because many of their characters are 
half way between those of the water- 
living algae, and those of the higher 
land plants such as ferns. It is pro- 
bable that the first land-plants were 
something like the present-day liver- 
worts. 


Liverworts 


Pellia is one of the simplest and 
most easily-studied of these plants. 
The plant is flat and leaf-like and 
grows close to the soil. It is very 
common in ditches and on river 
banks, and can be grown easily in 
wet soi] at home. The cells of the 
body are all alike except that some 
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central ones are longer and serve to 
distribute water through the plant. 
There are no specialized tissues such 
as are found in higher plants. Most 
of the cells contain chlorophyll, en- 
abling the plant to manufacture its 
own food from carbon dioxide and 
water. The latter is absorbed through 
the under-surface of the plant which 
is provided with numerous single- 
celled ‘roots’. The liverwort covers a 
large area of ground by branching. 
Each cell has only one set of 
chromosomes in its nucleus. The plant 
is therefore haploid. Male organs deve- 
lop in spring in pits on the upper 
surface and produce a number of 
flagellated sex-cells (gametes). The 
female organs arise in groups, covered 
by a flap of tissue, towards the tip 
of the branches. Each female organ is 
flask-shaped and contains a female- 


Pellia is a common flat (thalloid) liver- 
wort. The spore-capsules mature in Spring 
and release tiny spores which develop into 
new plants. 


cell, and a number of other cells in 
the neck region. The neck is closed by 
a cap at first. When the egg-cell is 
ripe and there is plenty of moisture, 
the cells in the neck region break 
down into a jelly which absorbs water 
and forces the cap off. The male- 
cells swim freely in the film of water 
on the plant and are chemically 
attracted by the jelly of the female 
organ. One male-cell eventually joins 
with the female cell and forms a 
diploid embryo (i.e. a body with two 
sets of chromosomes). 

Three regions soon become visible 
in the embryo: the foot, embedded 
in the base of the female organ; 
the capsule, and a short stalk between 
the two. The whole is surrounded 
by the enlarged base of the female- 
organ. Within the capsule numerous 
individual cells develop. Some are 


Lophocolea is a moss-like, leafy liver- 
wort. The simple spore-capsule and the 
single-celled roots show it to be a liverwort 
and not a moss. 
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Glossary 
Spore— a tiny single-celled body 
produced asexually from 
the diploid generation 
after meiosis. 

having two sets of 
chromosomes in the 
nucleus. 

having one set of 
chromosomes in the 
nucleus. 

A division of the diploid 
nucleus into four haploid 
nuclei. 

the generation which 
bears spores. 
Gametophyte—the generation which 
bears the sex-cells (ga- 
metes). This is the actual 
moss or liverwort plant. 
slender cells which aid 
the dispersal of liver- 
wort spores. 


Diploid— 
Haploid— 
Meiosis— 


Sporophyte— 


Elaters— 


long and slender and are called 
elaters. Others undergo division by 
meiosis and produce haploid spores 
with only one set of chromosomes. 
The spores mature gradually, nour- 
ished by the long, slender elaters. Not 
until early in the following year do 
the capsules appear from under the 
flaps of tissue. Only one capsule is 
formed in each group of female 
organs as a rule. In the spring— 
about a year after fertilization—the 
stalk grows rapidly and exposes the 
black capsule to the air. The walls of 
the capsule split and release- the 
spores. Distribution is aided by the 
slender elaters. These are water sensi- 
tive, and as they dry in the air, they 
twist and scatter the spores. By the 
time they are distributed, the spores 
have usually begun to divide, and 
when they reach a suitable site they 
develop into new Pellia plants. 

There are, in the life-cycle, two 
distinct stages: the haploid green 


plant, and the diploid, spore-produc- 
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Marchantia is a rather special flat liverwort. Male and female organs arise on separate 
plants. They are carried on stalked bodies above the rest of the plant. Male-cells swim 
in the water film and reach the flask-shaped female organs. The spore capsule develops 
on the underside of the ‘umbrella’ and has only a short. stalk. 


ing body. Because the green plant 
produces the gametes (sex-cells) it is 
called the gametophyte. Similarly the 
diploid body is called the sporophyte 
because it produces spores. The 
occurrence of the two distinct stages 
in the life-cycle is called the ‘Alterna- 
tion of Generations’. In Pellia, the 
sporophyte lives parasitically on the 
green gametophyte plant, absorbing 
food through the foot. The alterna- 
tion of generations can be followed 
in all the higher plants although the 
gametophyte is very small. 


There are many variations of the 
characters described for Pellia. Many 
species reproduce vegetatively by 
means of detachable buds (gemmae) 
which develop in cup-shaped pits on 
the plant. They are distributed pre- 
sumably by water splashes and grow 
directly into new plants. The liver- 
wort Marchantia produces its sex- 
organs on stalked structures above 
the body of the plant. Male and 
female organs occur on different 
plants. The majority of the liverworts 
are, however, moss-like in appearance, 
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OF FEMALE STRUCTU: 


After fertilization the female organ swells and the embryo inside 
produces the spore-capsule, its stalk and foot. This sporophyte 
generation matures after about a year. 
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MALE STRUCTURES 


having a stem and leaves. They are 
classed as liverworts because the 
capsule normally contains the long 
elater cells and only appears for a 
short time. 
Mosses 

These plants have a very much 
wider range than the liverworts and 
can be found in all but the driest places. 
The life-cycle is similar to that of 
Pellia, with a marked alternation of 
generations. Funaria is a typical moss, 
commonly found growing on burnt 
ground. The plant body is the hap- 
loid stage and carries the sex-organs. 
There are distinct stems and leaves. 
The latter are only one cell thick 
except in the middle. They contain 
numerous chloroplasts for manufac- 
turing food by photosynthesis. The 
outer region of the stem is also green. 
In the centre of the stem there are 
longer, water-conducting cells. From 
the basal parts of the stem a number 
of many-celled ‘roots’ arise. They 
fix the plant in the soil and absorb 
water and salts. 

The sex-organs arise at the tips of 
the stem and branches, and are 
surrounded by leaves. Male organs 


REMAINS 
FEMALE SFRUCTURE 


are club-shaped while the female ones 
are again flask-shaped. Male-cells are 
released in damp conditions and fer- 
tilize the egg-cells as in Pellia. The 
resulting embryos develop into the 
spore-bearing bodies. The lower part 
of the embryo (the foot) embeds in the 
tissue of the moss while the upper 
end grows. Soon a swelling appears 
at the top and this develops into the 
spore-chamber or capsule. The latter 
is green and is able to carry out 
photosynthesis. It requires only water 
and salts from the haploid plant 
and is thus more independent than 
the sporophyte of the liverworts. 
Capsules are found at all stages of 
development during the summer. 
The capsule is far more complicated 
than that of the liverwort. There is 
a central column of cells surrounded 
by the spore-tissue. Outside this is 
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he moss, Funaria, 1s common on burnt 
ground. Male and female organs occur at 
he tips of separate branches (A). After 
fertilization the spore-capsules develop. 
The spores develop inside the capsule 
(shown in section at B), and when ripe 
are discharged through the opening. A 
series of water-sensitive teeth (C) control 
the opening of the capsule so that spores 
are shed only in dry weather. 


another layer of cells and then a 
conspicuous air space. Round the 
outside is a thick epidermis. The tip 
is covered by a lid. Spores develop 
after meiosis so that they have only 
one set of chromosomes. When ripe 
they are dark green. The cells in the 
capsule shrivel when the spores are 
ripe and the lid falls off to expose a 
series of radiating arms, fixed at the 
edge of the capsule, but and, at first 
at the centre. The cells of these arms 
are sensitive to atmospheric moisture. 
When it is dry, the arms curl up and 
expose the spores. Light air-move- 
ments are enough to shake them out. 
When the air is damp the arms absorb 
water and close the capsule. There 
are no long cells (elaters) in the moss 
capsule. 

When a moss spore falls on suitable 
ground it puts out a tiny thread at 
each end. One thread develops into a 
fine ‘root’ and the other, which is 
green, branches over the surface. It 
is called a protonema. From various 
points on this thread new haploid 
moss plants arise. The protonema may 
live for some time and _ produce 
numerous plants in a small area. It is 
not found in liverworts. New threads 
can be produced at any time from the 
base of the moss. Buds arise on these 
and grow into new plants. By this 
means, mosses reproduce vegetatively 
and cover large areas of ground. The 
clumping habit is also important for 
the clumps can hold a considerable 
amount of water. Single plants would 
rapidly wither if exposed to dry air. 


Moss spores develop first into a branched 
thread — the protonema — from which 
several individual moss plants develop. 


| scl ENTIFIC INSTRUMENTS 


F a piece of paper is laid flat on a 

table-top and a pen or pencil moved 
to and fro over it as the paper is 
moved along, a wavy line or trace is 
produced. A kymograph is essentially 
a revolving drum covered with paper 
on which the movements of a writing 
lever are recorded. The drum is driven 
by an electric motor and can be 
revolved at any desired speed over a 
given range. Isolated muscles, short 
lengths of gut and whole hearts— 
in fact any tissue that contains or 
consists of units that contract—can 
be attached to the lever by means of 
a thread of cotton. As they contract, 
the lever is moved up and down, and 
so, as the cylinder turns, a charac- 
teristic trace is marked out on the 
drum paper. The paper may be 
smoked black so that the lever makes 
a white trace (in much the same way 
that scraper-board drawings are pro- 
duced) or white paper may be used, 
in which case a pen with an ink 
reservoir traces a dark line. 

Kymographs are widely used in uni- 
versity departments both for research 
and to teach students experimental 
techniques. Drug manufacturers test 
new products on animal tissues and 
their effects are recorded on kymo- 
graph drums. Kymographs also have 
many applications in medical re- 
search. 

The illustration shows the appara- 
tus set up with the ancillary equip- 
ment needed to record a simple muscle 
twitch or contraction (with the drum 
revolving). The nerve to the muscle is 
stimulated electrically, and as the 
muscle contracts, the trace shown is 
obtained. The motor driving the drum 
is started and stopped by using the 
‘on-off’ switch on the right. A lever on 
the left may be turned to engage or 
disengage the clutch, and so this is an 
alternative means of stopping the 
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Second arm 
makes contact 


First arm makes 
MUSCLE contact 


CONTACT ARMS AT 180° 
ELECTRODES 


SWITCH 


Introducing the 


KYMOGRAPH 


drum rotating. The graduated disc on 
the right of the apparatus marked from 
I to 12 is used to engage the various 
gears so that different drum speeds 
are obtained. The small levers below 
it may be put in the fast (F) or slow 
(S) position, giving a range of drum 
speeds from (on this model) one com- 
plete revolution in 13 hours to one 
revolution in 0-8 seconds. The speed 
chosen depends very much on the ex- 
periment (other kymographs have dif- 
ferent speed ranges). The lever on the 
top of the drum is used to adjust its 
height on the spindle so that more 
than one trace can be obtained on each 
piece of paper if necessary. The paper 
may be attached to the drum with 
sticky-tape or special clips. 


The drum paper is smoked, using a 
burner unit in which a cartridge of benzene 
is inserted. This makes the gas flame 
smoky; (below) after obtaining a trace the 
paper is ‘fixed’, using a varnish—this 
prevents it from smudgi ea 


On the base of the spindle are two 
contact arms that revolve with it. 
When these pass the contact block the 
circuit to the muscle is completed 
and so the latter is stimulated. The 
upper contact arm is fixed but the 
lower one is moveable so that a 
single ‘shock’ per revolution of the 
drum may be given when they are 
together or two ‘shocks’ may be given 
when they are apart. The angle 
between them may be varied so that 
the time between two shocks differs. 
The tissue under test may be stimu- 
lated independently of the movement 
of the drum by connecting it directly 
through the secondary coil and bat- 
tery and leaving out the contact block 
on the drum. 

A special time marker or a vibrat- 
ing tuning-fork held against the drum 
as it revolves marks off intervals of 
time, and the length of the contraction, 


number of heartbeats per minute, and 
so on, can then be read off. 
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The zone refining technique by which the high purity germanium 
needed in electronic devices 1s finally obtained. The impurities 
become concentrated in the narrow band of molten metal which 
slowly traverses the germanium ingot. 


GERMANIUM 


HEN Mendeleef published his 

Periodic Table of the elements in 
1871 he left gaps for elements which 
had not, at that time, been discovered. 
Amongst the vacant spaces which he 
left in the table was one in Group IV 
immediately beneath silicon. 

In 1886 Clemens Winkler isolated a 
new element which he called ger- 
manium. It has properties similar to 
those of silicon, and furthermore its 
behaviour was found to correspond 
very closely with that predicted by 
Mendeleef for the element missing 
from Group IV. 

Until its semi-conducting properties 
were discovered almost by accident, 
germanium had been regarded as a 
scientific curiosity which had no real 
use. Although it is a rare element, 
comparatively large quantities are 
now required for the manufacture of 
transistors and rectifiers. 

Germanium was found originally in 
a rare silver-bearing mineral arg yrodite 


(GeS,.4Ag,S) which is found in Ger- 
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many, but coal, particularly that mined 
in Northumberland, is by far the most 
useful United Kingdom source. The 
germanium can most conveniently be 
recovered from the ash left behind 
after burning coal, or from the flue 
dust arising from the combustion of 
producer gas. Such flue dust may con- 
tain as much as 3° germanium. 

In extracting the germanium from 
it, the flue ash is first mixed with 
powdered coal and soda-ash (anhy- 
drous sodium carbonate) and heated 
in an oil-fired furnace. As a result 
of this operation, known as smelting, a 


Formation of Germanium 
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n-type germanium contains traces of a 
pentavalent element as impurity. 


solid mass containing copper, iron and 
arsenic as well as germanium and 
gallium is obtained. While the mix- 
ture is molten many of the impurities 
collect in a layer of slag which is less 
dense than the metals and floats on 
top of them. 

The metallic mass is then crushed 
and heated and chlorine gas is passed 
over it. The germanium tetrachloride 
and arsenic trichloride formed in the 
process are volatile liquids at room 
temperature, and pass over into a 
condenser. The germanium. tetra- 
chloride with its lower boiling point 
(86°C.) is subsequently separated from 
arsenic trichloride (boiling point 
130°C.) by fractional distillation. 

The purified germanium tetra- 
chloride is then converted to ger- 
manium dioxide by hydrolysis with 
water: 


GeCl, + 2H,O = GeO, + 4HCI 
germanium water germanium hydrochloric 
tetrachloride dioxide acid 


After filtration the germanium di- 
oxide powder is-heated in a stream of 
hydrogen gas and is thereby reduced 
to germanium metal. 

However, for transistors to work 
satisfactorily the germanium must be 
of a high state of purity, and to achieve 
this further refining is necessary, 


and this is done by the zone re- 
fining technique. In this a narrow 
zone of the metal ingot is heated 
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p-type germanium contains traces of a 
trivalent element as impurity. 


to its melting point (g58°C.) using 
a high-frequency coil. The heating 
coil moves slowly along the length 
of the ingot, melting the narrow zone 
as it does so. Pure germanium crystal- 
lizes when the coil has passed, while 
the impurities tend to become con- 
centrated in the molten zone which 
migrates towards one end as the heat- 
ing coil traverses the ingot. After 
passing the germanium bar through 
the coil several times a specimen of 
very high purity is obtained. It takes 
about 7 hours to purify 2 kg. ‘44 Ib.) 
of germanium by this method, and in 
doing so it has to be passed through 
six heating zones. 

Germanium is a grey-white crystal- 
line solid with a metallic lustre. It 
is unaffected by hydrochloric acid, 
dilute sulphuric acid or concentrated 
sodium hydroxide solution. How- 
ever, it does react with concentrated 
nitric acid and with dilute sodium 
hydroxide solution. Sodium germ- 
anate (Na,GeO,) is formed when 
germanium reacts with fused sodium 
hydroxide. Germanium forms two 
series of compounds—the germanous, 
in which it has a valency of two, and 
the germanic, with a valency of four. 
In this way it resembles tin which 
also forms two series of compounds. 

There are two oxides of germanium 
and both of them are amphoteric— 
they behave both as acidic and basic 


GERMANIUM 
TETRACHLORIDE GERMANIUM 


DIOXIDE 


REDUCED TO 
RMANIUM 


FILTRATION 


oxides. Germanium also forms a series 
of hydrides which resemble the hyd- 
rides of silicon (the silanes). 

As already stated, the principal use 
of germanium is in electronic devices 
such as rectifiers and transistors. Ger- 
manium has a crystal structure similar 
to that of diamond—the four valency 
bonds are linked one to each of the 
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This germanium semi-conductor rectifier 
transformer is being withdrawn for in- 
spection from the power unit of an electric 
train. 


four nearest germanium atoms. Very 
pure germanium is a poor conductor 
of electricity, but if traces of trivalent 
or pentavalent elements (e.g. indium 
or arsenic) are added the conductivity 
is increased. 

If a small quantity of a pentavalent 
metal like arsenic or antimony is 
added, the arsenic or antimony atoms 
replace a few germanium atoms in the 
crystal lattice. These atoms of im- 
purity contribute five valency elec- 
trons compared with four from each 
germanium atom, so there is a spare 
electron available for current carrying 
associated with each atom of im- 
purity. As there is then a free negative 
charge the product is known as n-type 
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germanium. 

When traces ofaluminium orindium 
are added there will be an electron 
deficiency (or ‘hole’) surrounding 
each trivalent atom. This will also 
assist the flow of electrons which con- 
stitutes an electric current. The ger- 
manium is then f-type since the 
electron deficiency is equivalent to a 


free positive charge. 

A small piece of each type (n and 
p) of germanium when pressed _to- 
gether have similar rectifying pro- 
perties to diode valves and only per- 
mit electrons to flow in one direction. 
However, if one type is ‘sandwiched’ 
between two pieces of the other type a 
device similar in characteristics to a 
triode valve is obtained. The latter 
semi-conductor devices are known as 
transistors. 

Not only are germanium rectifiers 
used as radio and television compon- 
ents, they are also used in power 
rectifiers for electric traction. A num- 
ber of locomotives which incorporate 
germanium rectifiers have been under- 
going trials in Lancashire. 

Magnesium germanate (MgGeOQ,) 
is used in the coatings of fluorescent 
lamps to add red to the light emitted. 
A gold-germanium alloy (88% : 12%) 
is used as a solder in electronic de- 
vices, while the strength of aluminium 
alloys can be improved by adding 
germanium to them. 


| AGRICULTURAL SCIENCE | 


CONTROLLING 


POPPIES in a field of wheat, daisies 

on the lawn, and grass on the 
hard tennis courts, all have one thing 
in common: they are all growing 
where they are not wanted. In other 
situations these plants would be re- 
garded as natural and attractive 
members of the community but here 
they are weeds—plants growing out of 
place. Almost every man-made habi- 
tat (e.g. hedgerow and gravel pit) has 


Inter-row cultivating to keep down weeds in 
young sugar-beet. 


its typical weeds, but far the most im- 
portant are the weeds of cultivated 
land. They compete with crops and 
reduce their yield. It has been esti- 
mated that crop yields in Britain are 
reduced by over £60 million annually 
because of weeds. In the United 
States, a recent official estimate has 
put the combined cost of losses caused 
directly by weeds and the measures 
taken to control them at the stagger- 
ing total of nearly four thousand 
million dollars. 

Weeds can harm cultivated crops in 
a variety of ways. The aerial parts 
compete for light, while underground 
the roots compete for mineral salts 
and water. Such competition is often 
particularly damaging when crops be- 
come infested at an early stage of 
growth. Some weeds are poisonous to 
livestock and others may taint milk 
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when eaten by cattle. Weeds can act 
as reservoirs of pests and diseases 
which may spread to crops. In non- 
agricultural situations, too, weeds 
may be a serious nuisance; for ex- 
ample, on railways, rights-of-way, 
industrial sites and the like. 

Ever since man began to till the 
soil, he has had to take steps to 
control the weeds which sprang up to 
choke his crops. Present-day ways 
of controlling weeds may be cither 
cultural or chemical in nature. Cultural 
methods were until recently the only 
methods the farmer could use and it 
is therefore appropriate to discuss 
them first. 

In early times, and, indeed, until 
comparatively recent times, hand- 
pulling and hoeing were virtually the 
only ways available for killing weeds. 
These methods could only be used on 
a small scale and it was not until it 
became usual to sow crops in rows in- 
stead of broadcasting them that fur- 
ther progress could be made. In the 
18th century, Jethro Tull, an English- 
man, developed a horse-hoe which 
could be used to till between crops 
sown in rows. Since his time, the 
tractor has taken over from the horse 
and the techniques of weeding be- 
tween rows have been greatly refined 
and improved. Such methods, how- 
ever, can be used only in crops sown 
in wide rows, such as sugar beet, kale 
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Spraying potato tops with dilute sulphuric 
is made easter. 


WEEDS 


and some vegetables. Weeds between 
plants in the row have still to be re- 
moved by hand. Cereals are sown in 
rows too narrow to permit effective 
row tillage, and until chemical 
methods of controlling weeds were 
recently introduced, weeds were al- 
ways a serious problem in these crops. 

An important measure to reduce 
weed infestations in cereals was the 
very simple one of using only ‘clean’ 
seed (i.e. without weed-seeds). Be- 
fore the importance of clean seed 
was recognised, great quantitics of 
weed seeds were commonly sown 
along with the crop seed and this 
helped to maintain high weed popula- 
tions and to spread weeds into areas 
where they did not already occur. 
Most countries now have laws which 
make it illegal to market seed con- 
taminated with more than certain 
amounts of weed seed. 

Until recently, cereal crops were 
regarded as ‘dirty’ crops, in that weed 
infestations tended to increase as long 
as they were grown. The farmer could 
counter this in two main ways, by 
crop rotation and by fallowing. 

Typical crop rotations might in- 
clude two or three consecutive cereal 
crops, under which weed populations 
would rise, and then a row crop, such 
as potatoes or sugar beet, which 
would be cultivated several times to 
kill weeds, and which was therefore 


acid kills the tops so that lifting the crop 


regarded as a ‘cleaning’ crop. Such 
crops also tended to smother the 
weeds under their thick canopy of 
leaves. They greatly reduced weed 
populations and left the land in a 
clean and fertile state. The different 
times of sowing and cultivation of 
crops in a rotation in itself helps to 
reduce weeds by interrupting their 
growth rhythms. 

There are two main classes of weeds: 
the rapid-growing annuals such as 
poppies, mayweeds and chickweeds, 
and the deep-rooted perennials, such 
as couch grass, thistles and bindweed. 
Unlike annual weeds, perennials can 
regenerate from their roots when their 
above-ground parts are cut off. This 
makes it hard to control them by nor- 
mal cultivation methods, and where 
they had become a serious problem 
the farmer commonly resorted to 
fallowing. This entailed ploughing 
deeply in winter, followed by periodic 
cultivation (e.g. harrowing) during 
the. season. The ploughing would 
bring to the surface much of the 
underground parts of the weeds, 
which could be killed by drying-out 
under the sun in summer, while 
the cultivations would induce the 
annual weeds to germinate, after 
which they could be killed by further 
cultivation. 

Such fallowing means the loss of a 
crop for that season and is very expen- 
sive. A much commoner practice is 
‘stubble cleaning’. This entails a light 
cultivation after harvest to induce as 
many weeds as possible to germinate. 


The potato-lifter in action. The withered 
stems and leaves do not interfere. 


The Devil’s Lilac which has invaded many 
tropical rivers can be controlled to some 
extent by spraying with 2, 4-D. 
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These die later in winter or are 
eventually buried by ploughing, be- 
fore they have set seed. 

The most striking advances in weed 
control, however, have been made by 
the discovery of chemicals which have 
the ability to destroy weeds and yet 
leave the crop intact. Certain chemi- 
cals, such as sulphuric acid and 
copper sulphate, have long been 
known to have herbicidal (plant- 
killing) properties under certain cir- 
cumstances. It was not, however, 
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The principle of sul- 
phuric acid 1s that the cereal crop throws 
off the spray droplets while the weed leaves 
get covered and killed off. 


until the discovery of the so-called 
plant growth regulating compounds in the 
1940’s that the real break-through 
came. 

These compounds are closely re- 
lated to certain growth hormones 
which occur naturally in plants and 
which assist in regulating their 
growth. When applied in large enough 
amounts to the leaves, they enter and 
move in the sap to different parts of 
the plants, where they upset the 
natural processes of life, disrupt 
growth and eventually cause death. 

Examples of these compounds are 
the chlorinated phenoxyacetic acids, 
of which the most commonly used to- 
day are MCPA (4-chloro-2-methyl- 
phenoxyacetic acid) and 2, 4-D (2, 
4-dichlorophenoxyacetic acid). 

Used at the proper dosage rate 
(usually between 14 and 3 lb. per 
acre) and at the proper stage of 
growth of the crop, these herbicides 
have the extremely important pro- 
perty of being selective. In this case, 
they are active against broad-leaved 
plants, but not against members of the 
grass family (such as the cereals). This 
means in practice that these com- 
pounds can be used to control many 
annual broad-leaved weeds in cereal 


933 


crops and lawns. It was only com- 
paratively recently that cereal crops 
yellow with charlock or red with pop- 
pies were a frequent and vivid sight. 
These two weeds are very susceptible 
to MCPA and 2, 4-D and can be com- 
pletely controlled with them, so much 
so that fields containing much of 
either weed are nowadays compara- 
tively rare. MCPA and 2, 4-D are to- 


Aquatic Weeds 


The Canadian Pond Weed (Elodea 
canadensis) became a nuisance some 
years ago in British waters and, more 
recently, the Water Hyacinth (Ejch- 
hornia crassipes) has been giving trouble 
in Africa. This plant has covered vast 
stretches of tropical rivers and large 
sums of money are being spent on its 
control. The plant exists as floating 
masses which may or may not be attached 
to the banks. The leaves stand clear of 
the water. Broken pieces rapidly grow 
into new plants and the infestation 
spreads, both naturally and by man’s 
intervention. 

Navigation is almost impossible on 
some of the more affected rivers. Fishing 
suffers and animals are unable to drink 
freely. As the leaves are above the sur- 
face, spraying with herbicides such as 
2, 4-D is possible and effective. Com- 
pletely submerged weeds are best con- 
trolled by mechanical cutting and dredg- 
ing. Chemical treatment of rivers must 
not harm the fish or other animal life, 
nor must it endanger the drinking supply 
taken from the river lower down its 
course. 


day used on a world-wide scale and 
their total contribution to increased 
crop yields has been enormous. 
Since these compounds were de- 
veloped, many others, some with very 
different modes of action, have been 
discovered. Many compounds related 
to the phenoxyacetics have been de- 
veloped for use against particular 
types of weed, and because, in the 
case of the chlorinated phenoxybuty- 
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ric compounds, they are less harmful 
to clovers, they can be used on 
cereals undersown with clover. 

Another important use for the 
phenoxacetic compounds is in grass- 
lands, where weeds may often be a 
serious if rather less obvious problem. 
These compounds can be used to 
control such weeds as_buttercups 
which greatly reduce the value of 
grazing-land. So far, the phenoxy- 
acetic herbicides only have been dis- 
cussed. In considering other types of 
herbicide, it is perhaps best to group 
them under the three principal ways 
in which they act. 

The first group includes the so- 
called contact herbicides. We have al- 
ready mentioned sulphuric acid; other 
examples are the dinitro compounds 
DNOC (3, 5-dinitro ortho cresol) and 
dinoseb (2, 4-dinitro-6-sec-butylphenol), 
and the new bipyridyl herbicides 
diquat (1, 1’-ethylene-2, 2’-bipyridy- 
lium) and paraquat (1, 1-dimethyl-4, 
4'-bypyridylium). All these com- 
pounds kill those parts of the plant 
with which they come in contact and 
act very rapidly. They do not move 
through the sap into other parts of 
the plant. The dinitro compounds are 
effective against weeds in cereal crops 
and in peas and lucerne. They are, 
however, very poisonous and their use 
is declining. The use of diquat, and 
especially paraquat, is increasing. 
They are comparatively non- 
poisonous and have the useful pro- 
perty of being broken down rapidly 
in the soil. Diquat is used for killing 
potato tops before lifting the tubers, 
while paraquat shows considerable 
promise for killing grass-land swards 
so that new seed can be sown without 
ploughing. 

The next group of herbicides in- 
cludes those which are commonly 
applied to the leaves and which are 
then translocated through the plant in 
itssap. MCPA and 2, 4-D have already 
been mentioned. Other examples are 
the phenoxybutyric and _ phenoxy- 
propionic compounds, which are ef- 
fective against certain broad-leaved 
weeds, dalapon (2, 2-dichloropropionic 
acid) and TCA (trichloroacetic acid) 
which are active against grasses, 
and amino triazole, which is active 
against most plants. 


The translocated herbicides, are 
rather slow in action and for this 
reason are not used for pre-emergence 
application (i.e. against weeds appear- 
ing between sowing and emergence 
of the crop). 

The last group of herbicides in- 
cludes the sozl-acting herbicides. This 
group is of increasing importance and 
includes many compounds. In general 
they are extremely insoluble and act 
through the roots rather than the 
leaves of plants. They are usually 
applied to bare soil, enter weed 
seedlings through the roots and kill 
them when they emerge from the soil 
surface. Examples are the triazine 
family of herbicides, the phenylure 
and the phenyl carbamate families. 
The triazines provide an- excellent 
example of selective action in the 
case of simazine (2-chloro-4, 6-bis- 
ethylamino-1, 3, 5-triazine) and 
maize. Maize, unlike most plants, 
has a mechanism for changing sima- 
zine, which is normally extremely 
poisonous to plants, into a harmless 
derivative. Thus simazine can _ be 
applied to maize at rates high enough 
to kill a whole range of annual weeds 
without damage to the crop. Sima- 
zine has made it possible to eliminate 
much of the cultivation usual to con- 
trol weeds in maize, as well as 
eliminating weed competition at a 
time when the crop is young and 
liable to suffer severely in conse- 
quence. In general, compounds in 
this group are applied to the soil at 
or shortly after the time the crop is 
sown, so that germinating weeds are 
killed, and the young crop has a 
clean start. As they are very insoluble, 
they tend to persist in the soil for a 
very long time—indeed, some will 
continue to control weeds for the 
whole season. 


Total weed control 

On non-agricultural land, such 
compounds as sodium chlorate, bor- 
ates, the phenylureas and simazine, 
used in large quantities, will kill 
existing vegetation and also persist 
for a long time, perhaps for up to 
two or more years, in the soil. This 
provides a way of keeping railway 
tracks, fence lines, drive-ways, etc., 
free from vegetation for a long time. 


| DYNAMICS | 


The Simple Pendulum 


T was that famous Italian scientist 

Galileo Galilei who discovered the 
principles of the pendulum in about 
1583. One day, when in the cathedral 
at Pisa, his home town, his eyes were 
wandering idly around the building 
when his gaze fell upon a hanging 
lamp which was swinging to and fro 
in the breeze from an open window. 
The lamp seemed to be swinging at a 
steady rate, and Galileo confirmed 
that the time for a complete swing 
was constant—he used his pulse-beat 
as a timing device. 

The measurements which Galileo 
made using the swinging lamp can 


PERIODIC TIME _ RE- 
DUCED BY SHORTEN- 
ING THREAD 


AS IT SWINGS TO 
AND FRO THE PEN- 
DULUM RISES AND 
FALLS 


The time of swing of a simple pendulum of 
given length is constant, but uf the thread 
1s shortened the periodic time ts reduced. 


be repeated quite easily using the 
apparatus known as the simple pendu- 
lum. This comprises a small heavy 
object, such as a sphere of lead, 
which is suspended from a fixed 
point by a length of strong, but 
thin, thread. A convenient method 
of suspending the pendulum is to 
clamp the thread firmly between 
a pait of glass prisms. In this way 
it is possible to alter the length of 
the thread and investigate the effect 
on the time of swing. 

The heavy weight, or bob as it is 
often called, is set swinging and the 
time for several sequences of say ten 
complete (to and fro) swings is 
measured by means of a stop-watch. 
It will be found that, provided the 


In measuring the same time interval the short pendulum of the mantelpiece clock moves to 
and fro more often than the longer pendulum of the grandfather clock. 


length of the pendulum (i.e. the 
distance between the centre of the 
bob and the point of suspension) 
remains the same, then the periodic 
time, or time for one to-and-fro swing 
of the pendulum, remains constant. 
Furthermore the periodic time of the 
pendulum is not affected by the 
amplitude of the swing (half the dis- 
tance through which the bob moves) 
provided it is small compared with 
the length of the pendulum. 

If the bob is hanging freely under 
the influence of gravity and is then 
moved to one side of this equilibrium 
position, not only is it displaced side- 
ways, it is also raised upward— 
further from the centre of the Earth. 


Thus the kinetic energy which is used 
to move the bob from the mid-point 
of its path, when swinging, is con- 
verted into potential energy. As soon 
as the bob is released from this raised 
position, it falls under the influence 
of the Earth’s gravity, losing potential 
energy but gaining kinetic energy. 
As the bob passes through its equili- 
brium position all the potential 
energy will have been converted 
back into kinetic energy, and the 
bob will be travelling at its maximum 
speed. This kinetic energy is sufficient 
to displace the bob as far to the other 
side as it was previously taken on 
the first side. 

The time of swing or periodic time 
can be increased by lengthening the 
pendulum. It is found that if the 
length is multiplied by four (ie., 
increased from say 25 cm. to 100 cm.) 
the periodic time is doubled. The 
periodic time can be made three 
times the original value if the length 
of the pendulum is multiplied by nine 
(i.e. increased to 225 cm.). 

On account of the constant periodic 
time of pendulums they are used as 
a means of keeping time, and have 
for many years been incorporated 
into the mechanisms of some clocks, 
e.g. grandfather clocks. 
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NLESS a fire is regularly raked 

to remove ash and to maintain an 
adequate supply of air it will eventu- 
ally go out. The waste materials 
(ash) produced by the burning of the 
fuel choke up the fire and prevent 
it from burning. Living cells burn 
fuel to produce the energy needed for 
muscleaction, replacementof damaged 
or worn-out tissues and the ‘building 
of new tissues. This produces waste 
substances, some of which (e.g. lactic 
acid) can be broken down further 
to yield more energy, but others have 
to be removed from the body in order 
that the living processes can continue. 
If waste substances are allowed to 
accumulate they produce a number 
of harmful effects and eventually the 
organism dies. 

The removal of waste substances 
from the body, mainly by the kidneys, 
is called excretion. In man, other 
forms of excretion include the removal 
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‘A drawing of a kidney (one and 
a half times normal size) partly 
cut away to show tts gross in- 
ternal structure. 


of carbon dioxide from the lungs when 
we breathe out, sweating, and the 
growth of hair and nails. True excre- 
tion, however, should be restricted 
to the breakdown of wastes and their 
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The excretory system in man showing the 


relationships of the kidneys, their blood 


supply, the ureters and the bladder. 


| PHYSIOLOGY | 


Work 


elimination by the kidneys in the 
urine. 

The work of the kidneys is much 
more than just the removal of waste, 
however. They play a part in con- 
trolling the quantity of water lost 
to the outside world—most important 
in land animals; they help regulate 
the pH (i.e. level of acidity or al- 
kalinity) of the blood and the general 
balance of ions in the blood, and 
hence in the body fluid as a whole; 
and lastly they conserve essential 
substances such as glucose and amino- 
acids. 

When the kidneys fail to function 
efficiently it is sometimes possible 
for doctors to employ an artificial 
kidney which temporarily takes over 
the work of the patient’s kidney and 
purifies his blood. 


The Structure of the Kidneys 

In man, the kidneys are paired, 
bean-shaped organs, one on each side 
of the backbone, lying under the gut 
in the ‘small-of-the-back’. 

A lengthwise section through a 
kidney shows two main zones: an 
outer cortex and an inner medulla. 
‘The whole is encased in a protective, 
fatty capsule. 

Within the cortex and medulla are 
masses of tubules. They make up the 
bulk of the kidney tissue and join up 
with larger collecting tubes that eventu- 
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A section of kidney tissue (highly magni- 
fied) in which the arteries have been in- 
jected with dye showing clearly the knots 
of capillaries (glomeruli). 


of the KIDNEY 


ally form the main urine-carrying 
duct or ureter. This channels urine 
from the kidney to the bladder. 
Each kidney tubule has a rich blood 
supply: the renal artery and renal 
vein (together with the ureter) are 
prominent vessels entering or leaving 
the kidney. 

The blind end of each kidney tubule 
lies in the cortex and may be likened 
to a champagne glass, the walls and 
stem of which are hollow and one cell 
thick. The ‘bowl’ of the tubule is 
called Bowman’s capsule. It surrounds 
an elaborate knot of blood capillaries 
—tiny branches of the renal artery— 
called the glomerulus. Each Bowman’s 
capsule and glomerulus together form 
the Malpighian body—there are at 
least a million such structures in a 
single human kidney! 

The hollow stem of the champagne 
glass is the upper part of the kidney 
tubule. This descends into the medul- 
la where it narrows before turning up- 
wards and ascending back into the 
cortex—increasing in diameter again. 
The thin portion of the tubule is 
known as the loop of Henle and is 
primarily concerned with the absorp- 
tion of water. The ascending limb of 
the tubule joins a collecting duct which 
joins with others before eventually 
discharging its urine into the ureter. 

In effect each Bowman’s capsule is 
a tiny filter. Blood containing waste 


A diagram of a single kidney tubule or 
nephron showing its course within the 
cortex and the medulla and its blood supply. 


substances, proteins, sugars etc., is 
forced to the kidneys by the pump- 
ing action of the heart. Under pres- 
sure, a solution is driven out of the 
capillaries of the glomerulus through 
the walls of the capsule into its 
hollow interior. (Materials are sup- 
plied to the tissues in a similar way.) 
The solution in the capsule is blood 
plasma minus the large (colloidal) 
molecules. These are too big to pass 
through the capillary wall. 

From the capsule the fluid passes 
along the tubule. Many of the sub- 
stances in it are absorbed through 
the tubule wall into the blood capil- 
laries that envelop this, so that it 
gradually becomes more concentrated. 
Organic molecules such as some amino- 
acids and glucose, some salts and 


An artificial kidney. Blood from the patient 


ally seventy times as great as it is in 
the blood, yet, surprisingly enough, 
some urea is reabsorbed, since a cer- 
tain blood concentration is needed. 
Ninety times more sulphate, nine 
times more potassium and twenty-five 
times more uric acid occur in the 
urine than in the blood. On the other 
hand no glucose, fatty substances, 
proteins or bicarbonate ions normally 
occur in the urine, whereas consider- 
able quantities occur in the blood. 

The normal daily output of urine is 
between two and a half to three pints, 
yet it is calculated that a total of 
nearly three hundred pints of fluid 
is filtered by the kidneys during 
that time. They not only reabsorb a 
vast volume each day; they also regu- 
late its content so that the correct 
levels of essential substances are main- 
tained in the body fluids. 

The function of the various parts 
of the tubule has been analysed by 
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ts passed through coils in the large drum- 


shaped container where waste substances are extracted. 


water are absorbed in the descending 
or proximal limb of the tubule, whilst 
more water and salts are absorbed in 
the ascending or distal limb. Cer- 
tain poisonous or toxic substances 
that have been rendered harmless 
(detoxicated) are released into the 
urine by the tubules, together with 
potassium and hydrogen. Measure- 
ments of the amounts of various sub- 
stances present in the blood and in the 
urine show striking differences. The 
concentration of the principal waste 
substance in the urine (urea) is norm- 


’ inserting tiny pipettes into them and 
withdrawing small quantities of the 
fluid. Differences in the concentra- 
tions of substances in the fluid in 
different parts are strong evidence as 
to the function of a particular part. 
The content of the urine varies con- 
siderably with the type of diet that 
a person eats, however. For example, 
the nitrogen content of the urine 
is much higher in someone taking 
a protein-rich diet than in another 
who is eating starch-rich food, mainly 
due to the increased production of urea. 
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CROWN WHEEL 


The two most usual forms of gearing are the spira/ bevel and the 
hypoid gear. The smaller gear is known as the pinion which is integral 
(made in one piece) with the pinion shaft. The pinion shaft is rotated 
by the propeller shaft and thus drives the larger gear known as 
the crown wheel. 

The required reduction in speed of the road wheels is obtained 
in the same way as for gearboxes, the gear ratio being equal to the 
ratio of the teeth numbers (crown wheel and pinion). For example, 


we y 
CROWN see = F NS — 


HYPOID 
GEAR 


PINION 


IS SET BELOW CENTRE LINE 
OF AXLE, PERMITTING A 
LOWER PROPELLER SHAFT 


if the crown wheel has 45 teeth and the pinion has 10 teeth, then 
the gear ratio will be 4-5 to | (45— 10); that is, the pinion will turn 
4-5 turns to one turn of the crown wheel. 

Lubrication of the axle gears is obtained when they rotate in a 
bath of special ‘transmission’ oil located in the axle casing. With 
hypoid gears there is sliding as well as a rolling action between the 
crown wheel and pinion, and the high pressures thus created call 
for a special type of ‘extreme pressure hypoid’ oil. 


CENTRE LINE OF PINION SHAFT 


The Propeller Shaft and Final Drive 


N most modern motor vehicles 

the engine, clutch and gearbox 
form a self-contained unit which is 
mounted on the chassis frame or body 
at the front of the vehicle. The turning 
effort of the engine, which is produced 
in the crankshaft at the front of the 
vehicle, has normally to be transmitted 


938 


to the road wheels at the rear of the 
vehicle, although an increasing num- 
ber of vehicles drive the front wheels 
from a front engine, or the rear wheels 
from a rear engine. The transmission 
of effort from a front engine to a rear 
wheel drive is carried through the 
propeller shaft which drives the road 


wheels through the rear axle, trans- 
mitting the torque of the engine from 
the gearbox. In the other types of 
vehicle there are different forms of 
transmission, which will not be con- 
sidered in this article. 

The rear-axle casing is, most com- 
monly, attached to the chassis frame 
or body by a pair of semi-elliptic 
leaf springs which also provide axle 
location. A tubular type of propeller 
shaft is generally employed. This is 
because this sort of shaft is compara- 
tively light and of large diameter, 
and is stronger, when subjected to 
a twisting load, than a solid shaft 
of the same weight and _ smaller 
diameter would be. 

Whei the vehicle goes over a bump 
the rear axle will move up and down 
relative to the rest of the car, so the 
propeller shaft must be able to swing 
as well as rotate. This is provided for 
by means of two universal joints, one 
joint being fitted at each end of the 
propeller shaft. 


Universal Joints 

A universal joint is a mechanical 
device which couples the ends of two 
shafts together so that one shaft may 
give rotary motion to the other shaft 


even though they are inclined at an 
angle to each other. At the same time 
the shafts must be free to move (with- 
in limits) in all directions. In a simple 
form of universal joint the end of 
each shaft is forked and pivots on a 
common crosspiece, but in the Hardy 
Spicer system needle rollers are used 
to reduce friction. In the complete 
_ assembly, a sliding splined joint is 

included at the front end of the 
shaft, to accommodate the slightly 
varying distance between the gear- 
box and rear axle as the latter moves 
up and down. 


In most modern cars the drive is trans- 
mitted through the propeller shaft from 
a front-situated engine to the rear 
wheels. The rear of the car rests on a 
pair of leaf-springs. 


FORKED 
SHAFT 


FORKED 
SHAFT 


The Hardy Spicer type of universal joint, 
in which needle rollers reduce the 
friction. 


The Rear Axle Assembly 

(Final Drive) 

In addition to transmitting torque 
to the road wheels from the propeller 
shaft, the rear axle assembly has to 
support the weight of the rear of the 
vehicle. It also has to turn the drive 
through a right-angle and at the 
same time act as a reduction gear 


NEEDLE ROLLER 
BEARINGS 


LARGE DIAMETER 
RIGID TUBE 


SLIDING JOINT 


A propeller shaft assembly, with two universal joints and a sliding joint. 


between the shaft and the road 
wheels, and to enable the road wheels 
to rotate at unequal speeds when 
cornering while at the same time 
providing equal torque at each road 
wheel. 

The weight of the rear of the 
vehicle is supported by means of 
leaf springs. The right-angle drive 
is obtained usually by bevel gearing. 

The rear axle casing is shaped 
rather like a banjo but has two 
extension tubes which support the 
axle shafts and road wheels. The 


rear axle casing is formed with a 
nearly spherical ‘bulge’ in the centre. 
The pinion shaft enters at the front 
of the bulge and drives the crown 
wheel, which passes the drive to each 
of two half shafts, one for each road 
wheel. A differential is also contained 
in the rear axle which enables one 
wheel to rotate faster than the other 
during cornering. Its operation will 
be described in a future article. 

The drive is taken from the crown 
wheel to each road wheel by separate 
half (axle) shafts. 


CROWN WHEEL 


DIFFERENTIAL 
GEAR 


Exploded view of rear axle, showing casing and principal components. 
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MATHEMATICS 


What are ‘Logs”? 
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HE use of logarithms makes multi- 

plication, division, and a_ host 
of other arithmetic processes easier 
by converting multiplication into an 
addition process and division into 
subtraction. The log tables found in 
most books of mathematical tables are 
based on the powers of 10 (see page 
924). 10 is the first power of I0 


written as 10!, so its logarithm is 1. 
The logarithm of r (i.e. 10°) is o and 


64 ORDINARY NUMBERS 


the logarithm of any number less than 
1 is less than 0, i.e. negative. 

All numbers have logarithms—that 
is, they can be expressed as powers 
of ten. These are not all, of course, 
whole number powers like those in the 


series: 


| 
100 10 | 10 100 


which may be 

written in the 

form of decimals: 01 | 1:0 10:0 100-0 
or in the form 

of indices: 1O-*), fOr -fO8> 0% 10? 
or in the form of 

logarithms: —2 -!l Oo +i +2 


The number 5, which lies between 
1 and 10, has a logarithm which lies 
between o and 1. There is no simple 
way of determining exactly what the 
logarithm is—it can be found from a 
complicated mathematical formula, 
or alternatively from a log graph. Log 
5 is, in fact, 0-6996, LéAg= 10"***. 

The logarithm of 10 (10!) is 1, and 
the logarithm of 100 (10?) is 2, so 
the logarithm of any number between 
10 and 100 must lie between 1 and 2 
Now 50=10x5 

10 = 1073 5 = 10076990 

So 50= 10! x 10?-eres 

To multiply two numbers expressed 
as powers of ten the indices have to 


be added, so: 


FINDING A LOGARITHM 
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POWERS 


TO GIVE AS MANY POWERS 
OF TEN AS THERE ARE 
POWERS OF TWO'IN THE GRAPH 
OPPOSITE (I.E., 6), THE GRAPH 
WOULD BE 10° MILLIMETRES, 
Vonen KILOMETRE (# OF A MILE) 


60 70 80 90 100 


Ordinary logarithms are called logarithms to the base 10 because the logs are the powe 
of ten. 100 is 10? and log 100 is 2. But any number can be used as a base of a system of lo, 
2 is the base of binary logarithms. 8 is 2°, so the log of 8, to the base 2, is 3. 


50=10 x 5=10! x 10°°6990 
= [Q!1 +0-6990) _ yq1-6990 

The logarithms of al/ numbers be- 
tween 10 and 100 must be greater 
than 1 and less than 2, and the 
logarithms of all numbers between 
100 (10%) and 1000 (10%) must be 
greater than 2 and less than 3. 

500= 5 x 100 = 10°°8990 x 10? 

— 1Q!2 +0+6990) _ 7 Q2-6990 

So log 500 = 2:6990 

From these examples it can be seen 
that the logarithm of any number may 
be divided into two parts: the bit in 


Jront of the decimal point, called the 


characteristic, and the bit after the 
decimal point, called the mantissa. 
The characteristic of any number may 
be found by inspection. In numbers 
greater than one, it is always one 
less than the number of figures to 
the left of the decimal point. 

In 100-0 the number of figures i in 
front of the decimal point is 3, giving 
a characteristic of 2. 

In the number 1030-0 the number 
of figures before the decimal point is 
4, so its characteristic is 

Numbers smaller than 1 are like- 
wise converted into logarithms with 


Powers of Ten 


10% + 10? = 108-2 — 10° 
or 1000 + 100 =10 
107? <10-F= 10-3 C 2 = 10-4 
OF sis Xo = THUD 


1 1 
10-9 = 10-§ = 10-8--9 — 10+ 


89-9494 

, 
their own characterist 
tissae. The difference here 
the characteristics are always nege 
tive. 


The number 0:5 (which equals 4) 
may be written as 5 x 4=5 x 107. 


Now log 1o1=-1 and log 5 
=0'6990, so the log of o-5=log 
(10! x5), = —-1+0-6990= - o-go10. 


It works out better in practice not 
to work out the subtraction, but to 
| leave the logarithm in two parts—a 
negative characteristic and a_ positive 
mantissa. So log o-5 is written as 
1-6g90. The negative characteristic 
1 is called ‘bar one’ (not minus one). 
I must be treated as a negative num- 
ber, while the 0-690 is treated as a 
positive number. This may sound 
rather complicated, but it means that 
the log of 0-5 or any other number 
smaller than 1 can be found directly 
from the log tables. 


Finding Characteristics 

An easy way of finding the characteristics of the 
_ series of numbers: 
; 0:000005 0-0005 0-05 5-0 5,000,000-0 
_ isto count up the number of places the decimal point 
_ has to be shifted to make each number into a number of 
_ zero characteristic. For example, to convert 0-000005 
_ into 5-0 the decimal point must be shifted six places 
forward. Its characteristic is then 6. It is easy to see 
_ why this is so if the decimal number is rewritten in the 
_ form of a fraction: i.e. ; 


000005 = $900,000 


mel hue ebem es SNe 

8% 0% T0X 10% 16% 10 * To 
ery time the decimal point is shifted one place to the 
wi one of the 75's is eliminated. To convert 
_5,000,000-0 into 5-0 the decimal point must be shifted 
places backwards, so its characteristic is 6. Likewise 

000-0 may be written as — 
Sx 10% 10« 10x 10 « 10 10 


and every time the decimal point is shifted one place 
; the left, one of the 10's ie crate: r 
ah e characteristic of 0-005 is 4, of 0:05 is 3, of 


et 0. In each of these examples the characteristic 
re| a erties: of ten which the number 5 has 

ultiplied by to produce the number itself. — 

mantissa in each of these numbers is the same, 


stic of the number by inspec 
‘mantissa from the logarithm t 
ws that the number is 5, 
s how many noughts have 

r the decimal point, 


i ether th o~ nia is positive 
ve. The logarithms of the series of numbers 


‘i 
% 


23/4 5 6/7 8 9 


Multiplication Using Log 
To muWtiply two numbers} simply find the 
s of the two numbers from the tables, 


The log-ofI\145 is 0-0588 
The log of is 1-9420+0-0003 = 1.9423 
so the log of (1-145 x 87-56) js 
fe 1-145 + log of 87-56 
=0-0588 + 1:9423=2-0011 
The problem is now tc 
whose logarithm is 2-0011 
2, is ignored at first because 
“position of the decimal ppi 
he problem is to find t 
mantissa -00I! represents (i 
at the log table it is obvio 
0043, the second mantissa 
table, but greater than -0000, the first m 
in the first row of the table. The mai 
fact 0011 greater than -0000. 
Looking along the first rp 
columns at the right-har 
that the number sho 
This is in the ‘3’ differen¢e co 
the fourth figure. So the ndmber represented 
by the mantissa -001I is 3. The characteristic 
of the logarithm is 2, so the decimal point has 
to be shifted two ager? to the right. The answer 
is therefore 100-3. 


nd the number 
e characteristic, 
: simply tells the 
in the answer. 


antilog). Looking 
that it is less 


‘difference’ 
je will be seen 


atin and gives us 


The log graph drawn below is a curve re- 
lating numbers ( plotted on the horizontal 
axis) with their corresponding logarithms 
(plotted vertically). A magnified view of 
part of it is shown, since the curve for 
numbers smaller than one approaches the 
vertical axis very rapidly. It never actually 
meets tt. 


LOG 0:5 Is 
T-6990 
(MINUS I, PLUS 06990) 


8 


17 21 25/29 33 3 


® 11/15 19 23/26 30 34! 
7 10l14 17 21/24 28 31 
6 r10j13 16 19|23 26 29 
6 ol12 15 18]21 24 27 


Logarithms 

ing positive logarithms (logarithms 
of numbers/greater than 1!) is similar to multi- 
plication,/except that the log of the number 
dividing’the other number is subtracted from 
iti d of being added to it. 

THe answer may be a Bs alts logarithm: 

g. the log of 2:5 is 0- 

the log of 56:2 is 1:7497 
log (2:5 56-2) is log of 2 5—log of 56-2=7-6482 
Once again, the antilog of the mantissa, 0-6482, 
is looked up in the table and found to be 4-448. 
Because the characteristic is 2, the decimal 
point is shifted two places to the left to give the 
answer, 0-04448. 

When dividing by a number smaller than I, 
it must be remembered that the characteristic 
only of this number is negative: 

e.g. 2:5=0-00095 

log of 2-5 is 0-3979 
log 0-00095 is 4-9777 
log (2:5~0-00095) is 3-4202 
and the antilog of 3-4202 is 2631, the answer. 


Multiplying Numbers Smaller than 
One 


When multiplying by a number smaller than 
1, the mantissa must be treated as a positive 
number and the characteristic as a .negative 
number; e.g. to find 1-145 x 0-0543 ge eee 
The log of (1-145 0-0543)=log aks 6 


Log 1-145 is 0:0588. To find log of 0:0543, the 
number of places the decimal point has to be 
moved to the right to produce a number of 
zero characteristic is counted, and found to be 
2. So the characteristic of the log is 2. 

The mantissa is found by es up log 5-43. 
This is 0-7348, so log 0-0543 is 2:7348. So log 
(1-145 x 0-0543) is 0-0588+3-7348—2:7936. The - 
antilog of this is 0-06218, the decimal point 


being placed, once again, by inspecting the 
characteristic. ; 


ENLARGED PART 
OF THE LOG GRAPH 


LOG 0-05 IS 

3.6990, SINCE 

—1-3010 IS 

MINUS 2, PLUS 0:6990 


| NUCLEAR PHYSICS 


VERY atom of an element is made 

up of a central nucleus surrounded 
by very light particles known as 
electrons, which each carry a negative 
electrical charge, and move in orbits 
around the nucleus. The nucleus of 
the atom is made up of two sorts of 
particles, protons and neutrons, which 
are roughly of the same weight and 
much heavier than an electron. The 
proton has a positive electrical charge 
equal in size to the negative electron 
charge; the neutron is_ electrically 
neutral. 

It is relatively easy to remove an 
orbital electron from an atom. When 
an atoms decays, however, disinte- 
gration occurs within the nucleus itself, 
and the energies involved are much 
greater. Atoms decay because their 
nuclei are unstable, and the reasons 
why some nuclei are more stable than 
others are not completely understood. 

Two or more protons cannot re- 
main bound together in a nucleus 
since the electric charge on each of 
them tends to push them apart. In 
order to hold together and form the 
nucleus of an atom, the protons must 
be mixed with neutrons. It has been 
found that only when neutrons and 
protons are mixed in certain propor- 
tions is the resulting group of par- 
ticles, the nucleus, stable. 

Some arrangements of neutrons and 
protons hold together for some time, 
forming a nucleus, but are unstable, 
and the atom is then radioactive. Such 
an atom tries to change the balance 
of neutrons and protons in its nuc- 
leus to a more stable arrangement, 
and in doing so the nucleus emits 
radiation. The atom changes to an 
atom of a different element and is 
said to decay. 

Some of the radioisotopes are natur- 
ally occurring and are referred to 
as natural radtoactive isotopes. How- 
ever, it is possible nowadays to pro- 
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duce many radioactive isotopes arti- 


ficially which are not found in 
Nature. The first of these artificial 
radioactive isotopes was discovered 
some 30 years ago, and the radioacti- 
vity of such isotopes is referred to as 
artificial radioactivity. There is little 
difference between the kind of radio- 
activity from natural and artificial 
radioisotopes, as radioactive isotopes 
are normally called. 

The radiation from the nucleus of 
a radioisotope is, over a period of 
time, emitted in all directions, and 
may be either a particle or a par- 
ticle followed by a form of very short 
electromagnetic wave called a gamma- 
ray. What happens to the atom when 
it decays depends entirely on the 
type of radiation which its nucleus 
emits as it decays. 

Radioactive atoms emit four differ- 
ent forms of radiation. These are 
alpha-particles, beta-particles, positrons, 
and gamma-rays. Many of the heavy 
radioisotopes decay by alpha-particle 


emission, but it is rare among the 
lighter isotopes. Nearly all the 
lighter radioisotopes decay by beta- 
particle emission or by positron emis- 
sion. Gamma _ radiation, when it 
occurs, may follow any of these 
types of decay. 


The alpha-particle 
If a nucleus contains too many pro- 
tons and neutrons for it to be stable, 


«@ @» 


Two protons cannot stay together be- 
cause of their similar positive charges 
(like charges repel each other). Any 
nucleus with too many protons read- 
justs the balance by decaying. 


+@ 
@+ 


The helium nucleus, with 2 protons and 2 
neutrons, is the most stable arrange- 
ment of protons and neutrons possible. 
This is the alpha-particle. 


Removing a sample 
Srom B.E.P.O. (British 
Experimental Pile Zero 
Energy). This reactor 
is used for irradiation of 
materials to produce 
artificial radtorsotopes. 


it may throw out some of these par- 
ticles in attempting to achieve greater 
stability. To do this it emits two 
protons and two neutrons tightly 
bound together (the very stable nuc- 
leus of the helium atom), forming 
a single particle known as the alpha- 
particle. 

The alpha-particle thus carries 
with it two positive charges and an 


The number of electrons orbiting 
the atom equals the number of pro- 
tons in the nucleus—thus the atom is 
normally electrically neutral, with the 
charges on all the protons neutralised 
by the charges on the electrons. All the 
atoms of a particular element have the 
same number of protons in the nucleus 
—this number is known as the atomic 
number of the element. The total num- 
ber of protons plus neutrons in the nucleus 
is known as the atomic weight of the 
element. An element may have different 
numbers of neutrons in the nuclei of its 
atoms, but all the atoms must contain 
an equal number of protons. Atoms of 
an element which contain different num- 
bers.of neutrons are the isotopes of the 


atomic weight of four, and an atom. 


which emits an alpha-particle has its 
atomic number reduced by two and 
its atomic weight reduced by four. 

For example, the atoms of radium, 
which is found naturally and is a 
solid (atomic number 88: atomic 
weight 226), emit alpha-particles, and 
in doing so change to atoms of 
radon, a radioactive gas (atomic num- 
ber 86: atomic weight 222). 


%eRa — *%Rn + 3He 

Radon itself then decays, emitting 
alpha-particles. 

The alpha-particles which are emit- 
ted during the decay of atoms travel 
in straight paths through the air, 
losing their energy as they collide 
with molecules in the air, and gener- 
ally stopping within two or three 
inches. All the alpha-particles emit- 
ted from a particular isotope gener- 
ally travel approximately the same 
distance in the air since they have 
the same amount of energy to be 
lost in collisions, but an alpha-par- 
ticle may be stopped by a thin sheet 
of paper placed in its way. 


The beta-particle 

If a nucleus contains too many 
neutrons for it to be stable it might 
change one of the neutrons into a 
proton. In fact the neutron and the 
proton are very similar particles. 
Neutrons can be changed into protons 
simply by emitting an electron. The 
neutron thus loses a negative charge, 
becoming a positively charged proton: 


aS ip + Je 


element: thus the different isotopes of 
an element all have the same atomic 
number, but different atomic weights. 
So all isotopes of an element behave 
in the same way chemically, but the 
atoms of different isotopes have slightly 
different weights. Most natural iso- 
topes have a mixture of protons and 
neutrons in their nuclei, which is 
so stable that they do not try to re- 
adjust the mixture. These isotopes 
do not decay and are called stable 
isotopes. 

Those isotopes which do decay change 
the mixture of neutrons and protons to 
a more stable arrangement, throwing 
out unwanted particles—these are radio- 
active isotopes. 


The electron is emitted by the nuc- 
leus at high speed. Such electrons 
are called beta-particles. 

The atom retains the same atomic 
weight after decay, since the nucleus 
still contains the same number of pro- 
tons plus neutrons, but the atomic 
number has been increased by one, 
due to the presence of an extra pro- 
ton. An example of decay by beta- 
particle emission is the behaviour of 
radioactive carbon. 

The atoms of carbon-14 (atomic 
number 6: atomic weight 14), which 
is a naturally found radioisotope of 
the common carbon-12, decay by 
beta-particle emission to atoms of 
nitrogen-14 (atomic number 7: atomic 
weight 14), which has a stable nuc- 
leus: 


CS 


Alpha-paritcles normally travel in straight 
lines, and have tracks of a definite length. 
This cloud-chamber photograph shows 
alpha-particle tracks of two definite ranges. 


Nearly one-half of the natural 
radioisotopes can decay by _ beta- 
particle emission. Similarly, many of 
the artificial radioisotopes show beta- 
particle decay. 

Beta-particles are very light and 
are easily deflected as they travel 
along. Therefore they do not travel in 
straight paths like the alpha-particle. 
However, they have a much longer 
range. In air, a beta-particle can 
travel several feet, or even through 
a }-inch-thick sheet of aluminium. 


The positron 

As well as the two types of par- 
ticle, alpha and beta-particles, which 
natural radioisotopes can throw out, 
artificial radioisotopes often emit a 
particle which has the same weight as 
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the electron, but which carries a 
positive charge equal to the positive 
charge on a proton. This particle is 
called a positron, and is basically 
an electron with a positive charge, 
equal but opposite in sign to that on 
an electron. 
Positron emission 

It has been seen that a beta-par- 


The Four Forms of Radio- 
active Emission 


The alpha-particle consists of 2 pro- 
tons and 2 neutrons tightly bound to- 
gether as in the nucleus of atomic 
helium. The atomic number of the nuc- 
leus from which it was ejected decreases 
by 2; the atomic weight decreases by 4. 


_ 
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The beta-particle is an electron ejected 
from the nucleus. Since it is so light, 
there is no change in the atomic weight 
of the nucleus. The atomic number is in- 
creased by one, since the nucleus now 
contains an extra proton produced by 
conversion of a neutron. 


"a 
o= 


The positron has the same weight as 
an electron, and so does not change the 
atomic weight of the nucleus from which 
it is ejected. The atomic number is de- 
creased by one, since the nucleus now 
contains one less proton, which has been 
converted to a neutron. 


Gamma-rays have electromagnetic 
radiation like light waves or X-rays, but 
of much shorter wavelength and higher 
energy. They carry surplus energy froma 
newly-formed nucleus after decay. There 
is no change in the atomic weight or 
atomic number of the nucleus since the 
gamma-ray is weightless and carries no 
charge. 


Nowadays it is not difficult to pro- 
duce artificial radioisotopes: in most 
cases this can be done in a nuclear re- 
actor, the first of which was built about 
20 years ago. For instance, there are 
only seven naturally found radioisotopes 
with an atomic number less than 83 
(less than 83 protons in the nucleus). 
In contrast, over seven hundred different 
radioisotopes with atomic number less 
than 83 can now be produced by man. 


OLIOT-CURIE 
(1897- ) 


ticle might be emitted when:a nucleus 
contains too many neutrons for it to 
be stable. If the number of protons 
and neutrons are such that the atom 
is stable, no radioactivity takes place. 
If, however, a nucleus contains too 
many protons for it to be stable, 
it might change one of the pro- 
tons into a neutron and produce a 
positron, which, not being able to 
stay in the nucleus, is thrown out: 
iH — on + no) 

The atom retains the same atomic 
weight, but the atomic number has 
decreased by one due to the con- 
version of a proton to a neutron. 

Madame Joliot-Curie produced 
atoms of nitrogen-13 (atomic number 
7: atomic weight 13) when in 1934 
she bombarded boron-1o0 with alpha- 
particles. The nitrogen-13 decayed by 
positron emission into carbon-13 
(atomic number 6: atomic weight 
13), and the presence of positron 
radiation (the positron had been dis- 
covered in 1932) enabled her to 
announce the discovery of artificial 
radioactivity: 

WN + %C + fp 

The emitted positrons behave in a 
similar way to beta-particles. Al- 
though positron emission is quite a 


common form of radioactive decay 
among the artificial radioisotopes, 
it never occurs among the natural 
radioisotopes. 


The gamma-ray 

A fourth type of radiation is the 
gamma-ray, which is, in fact, a type 
of electromagnetic wave of very short 
wavelength, less than X-rays. The 
gamma-ray takes away no electric 
charge from the radiating atom, and 
no neutrons or protons are lost, so 
the atom does not decay to a dif- 
ferent atom. 

However, in many cases an atom is 
found to emit a gamma-ray after de- 
caying by emitting a particle. This 
is because the nucleus of the newly 
created atom is often left in a state 
of excitation (i.e. has an excess of 
energy) after emitting a particle, 
and emission, in the form of gamma- 
rays, enables it to return to a normal 
unexcited state. The amount of energy 
involved in nuclear transitions is 
large, and so the radiation takes 
the form of high-energy, short wave- 
length rays. 

The study of gamma-rays provides 
a great deal of information on the 
atomic nucleus. Gamma-rays are very 
penetrating. For example, over half 
of the gamma-rays given out by 
cobalt-60 can travel through a ?-inch 
steel plate. 


RADIUM 


RADON 


EMITTED 
ALPHA PARTICLE 


Solid radium emits an alpha-particle and is converted into the gas radon. 
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iP ems? scene , BE PHe 
ERNEST RUTHERFORD (1871- 
1937) was one of the greatest ex- 
perimental scientists of all time. He 
was born at Brightwater, near Nel- 
son, New Zealand, into a family of 
pioneer stock who had emigrated from 
Britain less than 30 years earlier. 

Although he was a very good all- 
round scholar while at school, Ernest 
showed no real bias to science. In 
1890 he entered Canterbury College 
at Christchurch in New Zealand, 
where his scientific ability became ap- 
parent, and graduated with first-class 
degrees in both science and mathe- 
matics. 

He continued at Christchurch do- 
ing research work, and developed a 
detector of radio waves which de- 
pended on the magnetisation of iron. 


In 1894 a scholarship was offered by 


Detecting single alpha-particles. An alpha- 
particle may be detected when it falls 
on a zinc sulphide screen, because it 
produces a flash of light which may be 
observed through an eyepiece (left). 
This method was used by Sir William 
Crookes. 

Lord Rutherford, with H. Geiger, 
devised an electrical method of detecting 
single particles. In their apparatus (right) 
alpha-particles were let, a few each 
second, into the chamber C. In this 
chamber, the metal cylinder M_ sur- 


LORD RUTHERFORD 
—the man who founded 


nuclear physics 


Rutherford is equalled only by Faraday 
for his simplicity of apparatus and vivid 
insight into the meanings of experi- 
mental results. His three great contribu- 
tions to atomic theory are: 

1. He discovered the main laws of 
radioactivity, and the chemistry of the 
natural radioactive elements (190I- 
1906). 

2. He discovered the nucleus, and 
helped to develop the nuclear model 
of the atom (1909-1914). 

3. He discovered artificial transmutation 
of nitrogen (1917-1920). 


Cambridge University in England to 
a post-graduate student in New Zea- 
land, and Rutherford won it. Borrow- 
ing the money for his boat fare, he left 
his family for England in 1895. 

At Cambridge, J. J. Thomson was 
the professor at the famous Cavendish 
Laboratory, and he was at this time 
working on experiments into gases 
which conduct after exposure to the 
recently-discovered X-rays. Ruther- 
ford stopped work on his radio-wave 
detector, which eventually Marconi 
took up and from which was eventu- 
ally established the potentiality of 


rounded the insulated wire W, and a 
high-voltage difference applied between 
M and W. When an alpha-particle 
collided with a gas molecule in C, the 
molecule lost an electron, and this elec- 
tron was accelerated’ in the electric- 
field and collided with a second gas mole- 
cule when another electron was set free. 
The whole process was repeated many 
times in succession. 

In this way, an electron ‘avalanche’ 
was built up, which could be detected as 
an electrical impulse. 


SOURCE OF 
PARTICLES 


STOP-COCK 
CONTROLS NUMBER 
OF ALPHA-PARTICLES ENTERING C 


SOURCE OF 
ALPHA-PARTICLES 


ELECTRODES 
GLASS WALLS 
EVACUATED 
SPACE 
MERCURY RADON GAS 


EMITS PARTICLES 


Rutherford established the nature of 
alpha-particles by collecting them in an 
evacuated glass column. After some days 
the mercury level was raised, displacing 
the collected particles up the tube. The 
spectrum of the discharge between the 
electrodes indicated the presence of 
helium. 


radio broadcasts, to join J. J. Thom- 
son in his work. 

Even as Rutherford helped J. J. 
Thomson in his experiments in 1896, 
the discovery of radioactivity was 
announced in Paris. In 1897, J. J. 
Thomson announced his proof of the 
existence of the electron, but Ruther- 
ford was already working on experi- 
ments on gases which conduct after- 
exposure to radioactivity. During this 
year he noted many of the properties 
of radioactivity, and became acquain- 
ted with the experimental methods 
in this new science. 

In 1898, Rutherford applied for a 
research professorship at McGill Uni- 
versity in Montreal, Canada. Thus, 
still under 28 years of age, Ernest 
Rutherford became a professor and 
entered the first great period of 
scientific discovery in his life. 

In 1901 the English chemist F. W. 
Soddy helped Rutherford with his 
work on radioactivity, and within 
about a year they had realised that a 
radioactive atom changes to a differ- 
ent atom on emission of radiation. 
Together they published papers on 
the cause and nature of radioactivity, 
and on the ‘spontaneous transforma- 
tion’ theory of radioactivity. Ruther- 
ford also managed to work on alpha- 
particles (beta-particles were, by then, 
known to be electrons), and published 

a general paper on radioactive change 
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in 1903. In 1904 his first book, 
Radioactivity, was published. 

Within 5 years Rutherford, with the 
help of Soddy, had solved many prob- 
lems of the new subject of radioactiv- 
ity, had realised that radioactive atoms 
change ‘spontaneously’ to other atoms, 
and had defined the idea of isotopes. 

In 1906 the chair at Manchester 
University was offered to Rutherford 
by the professor then holding it, who 
promised to retire if Rutherford would 
take it. This Rutherford did, and in 
1907 he moved to Manchester’s new, 
well-equipped laboratories. Now be- 
gan his second period of discovery, 
probably the greatest, and certainly 
the happiest, of his life. 

In 1908, Rutherford received the 
Nobel Prize in Chemistry for his work 
on radioactivity, but was now investi- 
gating the properties of alpha-par- 
ticles with the help of some of his 
15 research students. A series of 
experiments led him to believe that 
alpha-particles were, in fact, helium 
atoms, and to prove this in 1909 he 
performed a simple and clever experi- 
ment. A substance (radon) which 
emitted alpha-particles was placed 
outside a closed evacuated tube hay- 
ing a metal electrode at each end. 
After a few days a high voltage was 
applied between the metal electrodes, 
and the spectrum of the electric dis- 
charge which took place clearly 
proved the existence of helium atoms 
in the tube. The alpha-particles must 
have travelled through the walls of the 
tube and collected, and the alpha- 
particles must be helium atoms. (In 
fact, we now know that alpha-par- 
ticles are helium nuclei.) 

In 1911, Rutherford proposed his 


most revolutionary idea, concerning 


The apparatus with which Lord Ruther- 
ford first observed artificial transmuta- 
tion. In this equipment, nitrogen atoms 
were converted into oxygen atoms, when in 
colliston with alpha-particles. 


SOURCE OF 
ALPHA-PARTICL' 
PLACED IN NIT 


the existence of the atomic nucleus. 
Up to this time the atom was thought 
of as being a positively charged sphere 
with negatively charged electrons 
moving about inside. Two of Ruther- 
ford’s workers found that several 
alpha-particles bounced back from a 
thin foil of metal when many alpha- 
particles were allowed to hit the foil. 
To explain this, Rutherford assumed 
that the entire positive charge of the 
atom is concentrated in a very small 
nucleus, and that the electrons occupy 
the space outside the nucleus. 

This was a revolutionary idea in 
1911, though today it is totally accep- 
ted: it has been described as the 
greatest change in our idea of matter 
since the time of the Ancient Greeks. 
This nuclear theory provided the basis 
for the new science of nuclear physics. 

In 1912, Niels Bohr, the great 
Danish scientist, joined Rutherford, 
and put forward the Bohr model of the 
atom, thus obtaining general accep- 
tance of the nuclear atom. In 1914 
the Great War began and the scien- 
tists dispersed from the laboratory. 
After a period away from Manchester 
Rutherford returned to academic re- 
search in his empty laboratory, thus 
entering his third period of discovery. 
By 1918 he was certain that he had 
an experiment involving the artificial 
transmutation of nitrogen (i.e. chang- 
ing the nitrogen atom to a different 
atom). 

By 1919, Rutherford had become 
Cavendish professor at Cambridge, 
and he rapidly confirmed the arti- 
ficial transmutation of nitrogen. 
Alpha-particles from polonium were 
allowed to pass through nitrogen gas; 
when one struck a nitrogen nuc- 


-leus, a hydrogen nucleus was ejected, 


and an oxygen nucleus formed. 
In 1920 he named the hydrogen 
nucleus a proton, and although he did 


a great deal of research work, he 
found himself getting more involved 
in the administration and organisa- 
tion of scientific research. The Caven- 
dish grew in size and reputation 
under his leadership, but the dis- 
coveries were now made by the gifted 
men under Rutherford aided by his 
interest and enthusiasm. 

Ernest Rutherford was president of 
the Royal Society from 1925 to 1930, 
and in 1931 his great achievements 
were recognised when he became 
Baron Rutherford of Nelson. Still very 
active and enthusiastic in his scien- 
tific interests, Lord Rutherford died 
after a brief illness in October, 1937, 
and was buried in Westminster Abbey. 


It was found that when a metal foil was 
bombarded with.alpha-particles, most of 
the particles were either undeflected or 
deflected through very small angles, in 
passing through the foil. Some, however, 
were deflected through large angles, and 
in fact reflected back from the foil. 
Rutherford proved mathematically that 
the behaviour could only be explained by 
his model of the nuclear atom—that is, 
an atom in which a small positively 
charged nucleus is surrounded by a 
number of electrons. When alpha- 
particles pass close to a nucleus they are 
strongly repelled (the like positive 
charges repelling each other), and a 
large change in direction takes place. 
When it passes at a greater distance 
from the nucleus its change of direction 


is very small. 


MOST PARTICLES 
WERE UNDEFLECTED 


SOME PARTICLES 
WERE SLIGHTLY 
7 DEFLECTED 


STRONGLY 
DEFLECTED 
PARTICLES 


PARTICLE 
PASSING 
VERY CLOSE 


F ALPHA TO NUCLEUS 


ie) 
PARTICLES 


| ELECTRICITY 


Specific Resi 


HM’S law states that the ratio of 

the voltage between the ends of 
an electrical conductor to the current 
flowing through it is a constant. 
For a given conductor this constant 
is called the resistance. In other words 
voltage 
current 
is an indication of how much op- 


=—resistance. The resistance 


6 volts 
Resistance 7-55 ~ 3 ohms 


position the flow of electrons meets in 


its attempt the 
conductor. 

Materials which conduct electricity 
may be classified as ‘good’ conductors 
if they offer a low resistance, and ‘bad’ 
conductors if they offer a high resist- 
ance. Copper, for example, is used 
for almost all electrical wiring be- 
cause it is a ‘good’ conductor. How- 
ever, a copper wire can have a very 
high resistance, perhaps a million 
ohms, if it is made long enough and 
thin enough. This does not mean that 
copper is a bad conductor; it simply 
means that when considering resist- 
ance, the dimensions of the conductor 
must be taken into account as well 
as the material from which it is made. 

If the flow of electrons through a 
conductor is compared with the flow 
of water through a pipe, it is fairly 
easy to sce that just as a long pipe 
offers a greater opposition to the 
water than does a short pipe, so a 
long wire offers a greater resistance 
to the electrons than does a short 
wire. Similarly, just as a wide pipe 
offers less opposition to the water 
than does a narrow pipe, so a thick 
wire offers less resistance to the 


to pass through 


Brass 
2 0-000006 ohm-cm. 


Brass has low resistivity and 
is used for the parts of a cir- 
which have 
mechanically strong. 
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Copper 
=0:00000178 ohm-cm. 
Copper has a very low resisti- 


vity and is used for all kinds cuit 
of electrical wiring 


Doubling the cross-sectional area of a conductor halves its resistance. 
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Resistance = =3 ohms 
2amp 


These specimens of different metals have 
equal resistances. The resistance of a con- 
ductor depends on its dimensions as well as 
the material of which it is made. 


6 volts 


Resistance = =6 ohms 
lamp 


Doubling the ee of a conductor doubles its resistance. 


. CURRENT=4 AMPS 
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Resistance = 


electrons than does a thin wire. The 
longer the wire, the greater is its 
resistance; the thicker the wire the 
smaller is its resistance. 

In fact for any wire the resistance, 
R (measured in ohms), is related to 
the length, / (measured in centi- 
metres), and the area of cross-section 
A (measured in square centimetres), 
by the equation: 
oxl 
= 
where @ is a number that depends 
on the material of which the wire is 
made. This number, g, is called the 
Specific resistance or resistivity of the 
material. In the case of copper, for 
example, @==0-00000178 ohm-centi- 
metres (not ohms per centimetre). 
For silver 9 =0-00000163 ohm-centi- 
metres, so the specific resistance of 
silver is less than that of copper, and 
silver is therefore a better conductor 
than copper. 

— The specific resistance or resistivity 
of a material is quite independent of 
the dimensions of whatever speci- 
men of the material is being con- 
sidered. But it can be thought of as 
the resistance between opposite faces 
of a cube of the material one centi- 


Tungsten 
2=0-0000046 ohm-cm. 


Tungsten has a fairly high 
resistivity. It is used for 
the filaments of lamps and 
valves (because it has a high 
melting point). 
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Eureka or Constantan 
(an alloy of 40% 


Eureka has a fairly high re- 
sistivity. It is used in wire- 
wound resistors. 


metre long, one centimetre wide and 
one centimetre deep (i.e. about the 
size and shape of a dice). 

To find the specific resistance or 
resistivity of a specimen, say a wire, 
it is necessary to measure its re- 
sistance R, its length / and area of 
cross-section A, so that @ can be ob- 
tained from the equation pw Ss 
The resistance (A) is usually measured 
by means of a Wheatstone Bridge (to 
be described in a future article). 
Since wires are nearly always circular 
in section, the area of cross-section 
(A) is generally found by measuring 
the diameter of the wire with the aid 
of a micrometer screw gauge. Half 
the diameter is the radius 7, and the 
area of cross-section is given by the 
formula 7?. 


Michrome 


_Nickel/Chromium 
Alloy 


0=0-00011 ohm-cm. 


This has a high resistivity. 
It is used in the heating 
elements of most electrical 
appliances. (Heat produced 
by an appliance eg on 
its resistance.) - 


nickel, 
60°, copper) 
0 0:000049 ohm-cm. 
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OPTICS 


THE ELECTRON 
MICROSCOPE 


"THERE i is a limit to the size of an 

mee that the human eye can 
clearly see. A strand of hair is easily 
visible, but it would be of much 
greater interest to the scientist if 
he could see right into it, see the 
cells of which it is built and its mole- 
cules and atoms. 

Ever since the invention of the 
first magnifying glass, instruments 
have been produced with increasingly 
greater magnifying powers. No one 
has yet been able to see an atom, 
but using the electron microscope 
it has been possible to see groups 
of molecules. The human eye depends 
on the arrival of light rays for 
its vision, so it is only natural that 
the early microscopes also used visible 
light. For most practical purposes 
visible light acts as if it travels 
in straight lines, but it is in fact 
a wave motion with wavelengths 
ranging between 3,800 A (violet hehe) 
and 7,600 A for red light. (1 A, 
Angstrom unit, is a hundred mil- 
lionth of a centimetre.) Consequently, 
when very small objects are being 
viewed, the wave effect predominates 
over the straight-line effect, resulting 
in a blurred rather than a clear image. 


Ray diagrams: (right) the electron micro- 
scope, with (left) an ordinary micro- 
scope using light rays. 
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The ability of an optical instru- 
ment to distinguish between two close 
points on an object (i.e. its resol- 
ving power) depends on the wave- 
length of the radiation which the 
instrument receives from the object. 
The smaller the wavelength the 
greater the resolving power. 

Because of this, instruments were 
designed which used ultra-violet light, 
which has a smaller wavelength 
than visible light. In these, quartz 
lenses were used instead of the glass 
ones normally used in microscopes, 
but even this was not good enough for 
many purposes. (Quartz allows ultra- 
violet light to pass through it but 
glass does not.) To obtain even 
greater magnifications the electron 
microscope was developed. 

The action of the electron micro- 
scope depends on the fact that a mov- 
ing electron, which is normally con- 
sidered to be a particle, can also 
behave as if it is a wave. The higher 
the speed of the electron, the smaller 
is the wavelength of the wave. If the 
speeds are sufficiently high, the effec- 
tive wavelength can easily be as 
small as 0-05 A. Using electrons of 
this wavelength, theoretically it 
should be possible to view objects only 
o-o25 A in diameter (i.e. with a 
diameter of one four thousand mil- 
lionth of a centimetre), but the smal- 
lest object which can, in fact, be 
observed using an electron micro- 
scope is of diameter 10 A. Like rays of 
light, rays of electrons can be brought 
to a focus. Electrons cannot be focused 
by glass lenses, so some other form of 
lens is required. In the electron 
microscope magnets are used. These 
deflect and focus the electrons just 
as glass lenses focus light rays. ‘The 
electrons change direction as they 
pass through the small hole in the 
centre of the circular magnet, and a 
focusing effect results. Of course, 
the electron image which is formed by 
the beam is invisible, but this is 
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Cross-section of desk and microscope tube. 


easily overcome by using a screen 
coated with fluorescent material 
which gives out light wherever it is 
struck by bombarding electrons. 
Alternatively, photographic film can 
be used in place of a screen to produce 
a picture known as an electron micro- 
graph. 

A powerful optical microscope has 
a lamp as a light source. A condenser 
unit (group of lenses) gathers up 
this light to evenly illuminate the 
thin slice of specimen placed in its 
path. Light passes easily through 
the more transparent parts of the 
specimen and is blocked by the 
opaque parts. These holes in the light 
pattern eventually form the picture. 
After passing through the specimen, 
the light pattern is brought to focus 
as an image by the objective lens. 
This is such a small image that it 
has to be magnified by another lens 
known as an eyepiece. The electron 
microscope is simply a modified ver- 
sion of this kind of microscope. 

The electron source is a _ metal 
cathode to which a high negative 
voltage is applied. Electrons are 
pulled out of this cathode and acce- 
lerated in the electric field existing 
between the cathode and the anode 


which is placed in front of it. The 
anode is connected to earth. It 
has a hole in the middle to allow 
the electrons to pass through. A 
very high potential difference be- 
tween cathode and anode (e.g. one 
hundred thousand volts) is needed to 
produce a large acceleration, and this 
potential must be allowed to vary 
hardly at all. 

After passing through the anode, 
the electrons continue to travel at 
a constant velocity. If they bump 
into anything they change direction 
and alter speed. Collisions such as 
these result in electrons of different 
speeds moving in different directions. 
This is of little use. Ideally the elec- 
trons should all be of the same wave- 
length and different electron speeds 
represent different wavelengths. Con- 
sequently all obstacles such as dust 
particles and air molecules should 
be removed. There should be no 
air leaks and a very high vacuum 
must be maintained within the micro- 
scope. In practice, although exten- 
sive precautions are taken, air does 
leak in and the apparatus is not 
dust free. Also, the electrical current 
which supplies the cathode must be 
constant, otherwise the electron speeds 
will vary. 

Both magnetic fields and electro- 
static charges deflect the path of 
an electron, and electron lenses can 
be made using either principle. Mag- 
netic lenses are used in most elec- 
tron microscopes. In ordinary micro- 
scopes, the lenses are constructed to 
have particular focal lengths. The 
electron lenses in the electron micro- 
scope are in fact electromagnetic 
coils, in which the effective focal 
lengths may be varied by altering the 
electric currents in the coils, and 
thus altering the resulting magnetic 
fields. 

The condenser lens concentrates the 
electrons on to the thin sliver of 
specimen. An image is formed by the 
objective and enlarged by the pro- 
jector. This image is focused on the 
fluorescent screen by changing the 
size of the current feeding the ob- 
jective lens, thereby altering its focal 
length. The lens position is not 
altered. 

Wonderful 


though the electron 


Operating an electron microscope which can 
magnify specimens 200,000 times and 


microscope is, it still has defects. 
Spherical aberration is the biggest nuis- 


ance. The centre of a lens brings Photograph “th 
the beam to a slightly different focus { 
from the outer parts. While the cen- tm 


tral part of the picture may be in 
focus, the outer part may be a com- 
plete blur. Glass lenses can be speci- 
ally ground to get rid of this defect, 
but with electron lenses (as in cheap 
glass lenses) the only solution is to 
make the aperture small. Only a 
narrow beam of electrons is allowed 
to pass through, and this overcomes 
the problem. 

When light of a mixture of wave- 
lengths passes through a glass lens, 
the image is fringed with a ‘rainbow’ 
of colour. This is because light of 
different wavelength is focused at 
different distances from the lens. 
When electrons of different wave- 
lengths pass through an electron lens 
the image formed has fuzzy edges. 
This defect is known as chromatic 
aberration. The electrons can be made 
to all start out at the same speed, 
but they are scattered when a thick 
specimen is placed in their path. In 
passing through too thick a specimen, & 
the electrons rebound many times. a; as -_ 
For every bounce there is an increasé® 
in wavelength. The solution here is 
to use only the thinnest slice of speci- 
men for observation. 


Mounting a specimen for examination in 
the electron microscope. 


Electron lenses also tend to be 
astigmatic. When _ electrons pass 
through an astigmatic lens they are 
pulled more sharply in one direction 
than another. This is an easy defect 
to check for and to correct. The 
microscope is tested without using 
a specimen. A perfect lens gives a 
circular spot on the screen. With 
astigmatism the spot is distorted, 
often into line. This can be com- 
pletely corrected by adjusting the 
positions of small compensating mag- 
nets around the pole pieces of the 
electron lenses. Although the objec- 
tive lens produces most distortion 
of the image, it can also be caused 
by the projector lens. 

Because the specimen is being con- 
stantly bombarded with electrons it 
collects dust by electrostatic attrac- 
tion and grows thicker, sometimes at 
such a rate that the photograph is 
spoiled before the film is sufficiently 
exposed. 


Preparation of the specimens 


Making specimens thin enough is a 
difficult problem and is overcome in 
one of three different ways depending 
on the type of specimen. But what- 
ever the method, the specimen must 
not be damaged by a vacuum. 

To obtain specimens of solid ob- 
jects, such as a fine section of a 
twig, thin slices are cut. This can 
be done by using a microtome or, to 
obtain very fine sections, a special 
tool is made from a glass slide. A 
V-shaped nick is cut into the slide 
which is then shattered, providing 
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an exceptionally sharp cutting sur- 
face. Sometimes the slices are then 
cut by hand or they may be cut by 
mounting the twig for slicing on a 
potter’s wheel so that a slice is cut 
every time the twig passes the cut- 
ting edge. The slices are less than a 
millionth of an inch thick. It takes 
considerable skill to cut such very 
fine slices. 

Particles of pigment, bacteria, etc., 
cannot be sliced. A thin layer of 
them must be set in a fixed position 
on a support. The support can be 
made by pouring plastic solution over 
a fine metal mesh. The plastic solidi- 
fies, forming a skin. Alternatively, 
the support can be prepared by 
allowing a drop of plastic solution 


The wall of a cell from a piece of beech 
wood magnified 12,500 times. 


to evaporate on a glass slide and 
then floating the solid plastic film 
off. Dilute plastic solution is poured 
over the specimen on the support 
to fix it in position or some of the 
specimen can be smeared over the 
support. Specimens are sometimes 
stained to bring out detail. Deep 
freezing can be used to still the 
movements of bacteria, but this is 
still very much at the experimental 
stage. A special filter has been de- 
veloped to reduce the effect of the 
electron beam and _ protect living 
bacteria so that processes such as 
cell division can be observed. 

A third technique is used by metal- 
lurgists for examining the surfaces 
of metals. The surfaces can reveal 
so much—the crystal structures, the 
defects which contribute to the 
strength of the metal and the way it 


will behave when placed under strain, 
etc. Thin replicas are made of the 
metal surface. If required, the metal 
is lightly etched with acid to bring 
out its surface qualities. If the sample 
is not needed afterwards, a_ thin 
layer of plastic solution is poured 
on the surface. The solvent eva- 
porates and the plastic sets. When 
it is set, the metal is dissolved away 
from beneath the plastic, leaving 
a plastic mould which is examined 
under the microscope. If the sample 
is not to be destroyed, a thin layer 
of carbon is deposited on the surface. 
This is done in a vacuum. The metal 
is placed directly below the carbon 
source. The carbon evaporates off 
the source when a current is passed 


Depositing a metal shadow on a replica of 
an iron alloy surface to bring out contrast. 


between two pointed carbon rods 
placed in contact and a thin layer 
of carbon forms on the surface of 
the specimen. The layer is then 
floated off. 

To emphasize the detail of a moun- 
ted specimen, shadowing is sometimes 
used. This, too, is done in a vacuum. 
The specimen is placed to one side of 
a heated metal source so that the 
metal is deposited on parts of the 
surface while other parts remain in 
shadow. 

Although in theory the electron 
microscope is quite simple, to make 
an efficient one is a very tedious 
problem with many technical diff- 
culties. Unfortunately this makes it 
a very expensive instrument. There 
is still a great deal of research 
being carried out and constant im- 
provements are being made. 


SCREWS 


MANY a motorist carries a screw 

Me for raising an axle of his 
car in the event of a tyre being punc- 
tured. Although it is far more tiring 
to use a screw jack than a hydraulic 
jack, the former can be quite compact 
and easily stowed in the boot of a 
car with other tools. 

The screw is but one more class of 
simple machine which, like levers, 
pulleys and inclined planes, is used 
for raising large loads by the applica- 
tion of quite small efforts. As with all 
these machines, the distance the large 
load is raised is small compared with 
the distance through which the effort 
moves. 

A simple screw jack comprises a rod 
in which a square screw thread has 
been cut, a base plate in which this 
can rotate and a block (or nut) 
through which the screw thread runs. 
This block is shaped so that it hooks 
on the underside of the car. When 
the screw is rotated by means of the 
thin rod or tommy bar which passes 
through a hole in the screw, the 
block is slowly raised or lowered. 

A screw thread is a spiral cut made 
in the rod so that the screw may be 
regarded as a spiral inclined plane. 
For each complete turn of the screw 
it advances the same distance. This 
distance is the pitch of the screw, which 
can also be found by measuring along 
the length of the screw the distance 
between two adjacent ridges of the 
thread. The screw of a screw jack 
with a diameter of ? in. may have 
six threads to the inch, so the pitch 
of the thread is 4 in. Thus for every 
one complete revolution of the tommy 
bar the lifting block moves § in. up 
or down. 

The veloctty ratio of any machine 
is found by dividing the distance (e) 
through which the effort moves by the 
distance (/) through which the load 
is raised. If the tommy bar is a 
little over 6 in. in length it will 
trace out a circle of radius 6 in. for 
each complete revolution. The cir- 


cumference of this circle is about 
37°7 in., so that the load is raised } in. 
for every 37-7 in. that the effort moves. 
The velocity ratio of the screw jack 
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Even if the thread of the screw is 


Using a screw jack with a velocity ratio of 
226, one corner of the car can be raised by 
an effort of about 7% lb. 


kept clean and is well greased, there 
is still likely to be considerable 
friction between the screw and both 
the lifting block and the base plate. 
Thus a load of 565 lb. (about 5 cwt., 
which is the weight supported by one 
of the four wheels of an average family 
car) could be lifted by a 24 lb. effort 
if there were no friction. But in prac- 
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tice the effort would be between 
74 Ib. and 10 lb. 

On account of the large frictional 
forces between the screw and the 
block, the load cannot ‘unscrew’ it- 
self and run back under its own 
weight. This means that devices in- 
corporating screws can be used not 
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only for squeezing things in clamps, 
but also to keep them in a state of 
compression. Screw presses and 
clamps are used for this purpose in 
book binding and by carpenters when 
they are gluing joints. Likewise, 
objects can be held firmly in place 
in a bench vice by the clamping 
action of the screw thread it in- 
corporates. 
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GENETICS 


D=dark hair gene 
f=fair hair gene 


Fair-haired parents can have only fatr-haired children as there 


are no dark-hatr genes present. 


fD 
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The fair-haired parent provides each child with a fair-hair gene, 


but half of them will have a dark-hair gene to override this. 


PARENTS AND THEIR 


S a result of his work with garden 

peas, Gregor Mendel suggested a 
way in which characteristics could be 
passed on from one generation to the 
next. He suggested that the character- 
istics were inherited in the form of 
‘factors’ which were carried in the 
sex-cells. From his discoveries he was 
able to put forward two laws which 
appeared to control inheritance. 


assortment—sta 
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Because black coat and hornlessness are 
dominant all the offspring of this match 
will be black and have no horns. 
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We now know that Mendel’s ideas 
were correct and we can explain them. 
What he called ‘factors’ are now 
called genes. They can be regarded 
as ‘chemical messengers’ which pass 
information from parents to offspring. 
The genes occur on thread-like struc- 
tures—the chromosomes. Each gene— 
for example, that controlling eye- 
colour in man—occurs at a certain 
point on a certain chromosome. The 
cells of the body normally contain 
two sets of chromosomes (or twenty- 
three pairs in man) so that there will 
be two genes for eye colour. If both 
are the same (i.e. both producing blue 
eyes or brown eyes) the individual is 
homozygous, or pure, for eye colour. 
If there is one of each gene he is 
heterozygous, or impure, for eye-colour. 

When the sex-cells are formed, the 
pairs of chromosomes separate and 
one of each pair goes to each sex-cell. 
This is in agreement with Mendel’s 
first law—only one of a pair of genes 
can be in a single sex-cell. Each one 
of a pair of chromosomes can go into 
a sex-cell with any one of another 
pair—this is in agreement with the 
second law of Mendel. 

A great deal of genetical work has 
been done with the fruit-fly Droso- 
phila. It has the advantages of a 
rapid life-cycle, large numbers of 
offspring, and it also has very large 
chromosomes in its salivary glands. 
By studying these for many genera- 
tions of flies it has been possible to 
‘map’ them, showing where different 
genes occur on them. Mendel’s laws 
have been confirmed in experiment 
with Drosophila, and many other 


species. 

Mendel’s laws can therefore be used 
to explain and even predict the 
characteristics of offspring of given 
parents, provided that the character- 
istics are due to the action of a gene or 
genes. It is important to distinguish 
between genetic effects and environ- 
mental effects caused by differences in 
diet, upbringing, etc. 

In man, hair colour (dark or fair) 
is controlled by a gene. If the cells 
contain one dark-hair gene and one 
fair-hair gene the former overrides 
the latter and dark hair results. The 
dark-hair gene is said to be dominant 
and that for fair hair recessive. The 
characters which Mendel studied in 
peas were controlled by dominant 
and recessive genes. Fair hair will 
only occur if both genes are for fair 
hair, and therefore two fair-haired 
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When two impure black hornless cattle are 
crossed, four types of offspring will result. 
Wherever B occurs the animal will be 
black. Where H occurs there will be no 


horns. 


RE DARK- 
IRED FATHER 


All offspring in this case will have dark hair because all will 


have a dark-hair gene. 


some instances. 


Two impure dark-haired parents can have fair-haired children in 


OFFSPRING sc ninns 


parents will produce only fair-haired 
children, for there are no dark-hair 
genes to be passed on. Dark-haired 
parents, however, may both be im- 
pure for hair colour and about a 
quarter of their children will have 
fair hair. If one parent is pure dark- 
haired all the children will have dark 
hair because they will all contain at 
least one dark-hair gene which will 
over-rule any fair-hair gene that may 
be present. 

A similar state of affairs exists 
with coat colour in cattle. Black coat 
dominates red coat. A cross between 
red and black animals will produce 
nothing but impure black offspring in 
the first generation. If these impure 
black ones are crossed, about a quarter 
of the next generation will be red, 
half will be impure black and a 
quarter will be pure black. The 3 : 1 
ratio of black to red is called the 
monohybrid ratio because only one 
pair of characteristics is being 
studied. 

Hornless cattle are dominant to 
those with horns, and a cross between 
a pure black, hornless animal (e.g. an 
Aberdeen Angus) and a red, horned 
one will result in impure black, horn- 
less first generation offspring. Because 
any one of a pair of characteristics can 
combine with any one of another pair 
(Mendel’s second law), the second 
generation will show four types in the 
proportion black hornless g: black 
horned 3: red hornless 3: red horned 
1. This ratio is called the dihybrid 
ratio. When three, four or even more 
characters are considered a fixed 
proportion is still obtained. 


The examples so far have been con- 
cerned with complete dominance. of 
one gene over another. There are, 
however, instances of incomplete 
dominance. When the opposed genes 
occur together in an impure in- 
dividual they act together to produce 
an intermediate form. Some genes in 
the Andalusian fowl act in this way. 
This chicken has a fine blue sheen and 
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is in demand by breeders. It occurs 
when black and splashed white forms 
are crossed. The genes controlling 
coloration act together to produce 
the blue. When the blue ones are 
crossed among themselves the results 
are one quarter black, one quarter 
white and one half blue. This is the 
monohybrid 3 : 1 ratio modified be- 
cause there is incomplete dominance. 
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Because the body-colour and wing-length genes are linked, they act as one and only long- 
winged grey and short-winged black flies appear. 


Linkage of Genes 


Because of the enormous number of 
genes necessary to control all the 
features of an animal, it is obvious 
that each chromosome must carry a 
large number of genes. Because they 
are linked in this way the genes on each 
chromosome do not normally separate 
when sex-cells are formed. 

Wing length and body-colour are 
linked in Drosophila. When a long- 
winged, grey-bodied insect is crossed 
with a short-winged, black-bodied 
one, the first generation will all be 


long-winged and grey, because these 
factors are dominant. In the second 
generation, without linkage, accord- 
ing to Mendel’s Second Law, one 
would expect long-winged black flies 
and short-winged grey ones to appear. 
However, because the genes are 
linked, only long-winged grey and 
short-winged black appear—in the 
ratio 3: 1. The linked genes therefore 
act as one gene and produce the 
monohybrid ratio associated with a 
single pair of characters. 
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Male or Female? 


Many animals and the majority of 
plants are hermaphrodite—i.e. they 


have both male and female features. 
In those where the sexes are separate 
a genetic mechanism normally decides 
whether an individual may be male 
or female. Although it is usually 
stated that man has 23 pairs of 
chromosomes, there are, in the male, 


N=GENE FOR NORMAL VISION 
C=GENE FOR COLOUR BLINDNESS 


N IS DOMINANT AND, WHEN PRESENT, 
OVERRULES THE ACTION OF C 


Red/green colour-blindness is sex-linked. 
Affected persons cannot distinguish red and 
green so that the two-colour figure ‘8° will 
appear to them as one colour only. 


only 22 pairs, plus two odd ones called 
the sex-chromosomes or the X and Y 
chromosomes. The female has two X 
chromosomes, making 23 true pairs. 
When the sex-cells are formed the pairs 
separate so that each female cell (egg) 
has an X chromosome. Half the male 
cells will contain a Y chromosome and 
the other half an X. If a male cell 
containing an X chromosome fuses 
with an egg-cell a female will develop, 
whereas a male cell containing Y will 
produce a male embryo. Because the 
X and Y are present in equal numbers 
boys and girls will be produced in 
nearly equal numbers too. The female 
is not the XX sex in all animals. In 
birds the hen is XY while the male is 


THIS BOY RECEIVES THE 
COLOUR BLINDNESS GENE 
FROM HIS MOTHER AND 
PASSES IT, THROUGH HiS 
DAUGHTER, TO HIS GRANDSON 


HAEMOPHILIA, THE DISEASE IN 

WHICH THE BLOOD CANNOT CLOT, IS 
TRANSMITTED IN THE SAME 

WAY AS COLOUR BLINDNESS 


Sex-linked Genes 


The Y chromosome in man rarely 
carries genes which are not concerned 
with sex, but the X chromosome, 
which is larger, does carry some other 
genes. The characteristics that these 
produce are said to be sex-linked. 
Red/green colour-blindness, in which 
the sufferer cannot distinguish be- 
tween red and green, is an example. 
The gene is recessive to that for 
normal vision so that, except in the 
very rare cases in which two colour- 
blindness genes occur together, women 
do not suffer from this defect. They 
do, however, act as carriers and may 
pass the gene to their offspring. If a 
male receives this recessive gene he 
will be colour-blind because there is 
nothing to counteract it on the Y 
chromosome. The colour-blindness is 
thus transmitted through the female. 
A man cannot pass the defect on to 
his son because only the Y chromo- 
some goes to the son. 


THIS BOY IS 
COLOUR BLIND 
LIKE HIS 
GRANDFATHER 


Sex Linkage in Cats 

The tortotseshell characteristic in cats 
is found only in the female. The 
genes for black or ginger coats are 
carried on the X chromosome. There 
is incomplete dominance and_ the 
two genes together produce a tor- 
toiseshell. As only the female has two 
X chromosomes only she can show this 
characteristic. Males are either black 
or ginger because they have only one 
X chromosome and therefore can 
carry only the black-coat gene or the 
ginger-coat gene. , 
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The tortoiseshell pattern in cats is due to 
the action of ‘black’ and ‘ginger’ genes. 
Only the female can have both together and 
be tortoiseshell. 
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| SCIENTIFIC INSTRUMENTS | 


Kipp’s 
N any chemical laboratory where 
analysis is carried out, there must 

be a supply of hydrogen sulphide gas 
which can be turned on and off at will. 
Usually when a gas is made in the 
laboratory, the apparatus has to be set 
up each time the gas is needed. Fur- 
thermore there is no way of switching 
the supply on and off. For hydrogen 
sulphide, the Kipp’s apparatus over- 
comes this problem very adequately. 
The same apparatus can also be used 
for supplying carbon dioxide or hy- 
drogen ‘on tap’. 

Although a regular supply of other 
gases may also be needed, these are the 
only three common gases for which 
the Kipp’s apparatus can be used. 
This is because to produce other 


Apparatus 


PT) 


fy 


gases heating is required. This is out 
of the question in the Kipp’s appara- 
tus because it would shatter on heat- 
ing. The gas flow is controlled by 
making gas only when a cold liquid is 
in contact with lumps of solid. Hydro- 
gen sulphide, carbon dioxide and 
hydrogen are all] made in this way. 
When the liquid is drained away 
from the solid, the supply stops. No 
heating is needed to make them. They 
are made by the action of cold acids 
on pieces of solid. Broken sticks of 
ferrous sulphide are used for making 


Using hydrogen sulphide from a Kipp’s ap- 
paratus for salt analysis. The apparatus 1s 
kept in the fume cupboard to prevent the 
gas from escaping into the laboratory. 


or carbon dioxide and zinc granules 
for hydrogen. 
The Kipp’s apparatus is made of 


hydrogen sulphide, marble chippings thick glassware and usually stands 
about 1 ft. 6 in. high. Other sizes are 
also made. Basically it consists of three 
glass bulbs connected one above 
another. The solid needed to make 
the gas is placed in the central bulb by 
lifting off the top bulb and the glass 
tube fitted to it. (A ground glass fit- 
ting connects this top section to the 
lower part.) A glass fitting stops the 
solid from falling down into the bot- 
tom bulb. The gas exit tube leaves 
from the central bulb. On it is a tap 
for regulating the supply of gas. The 
gas tap is opened and acid is poured in 
via the funnel at the top. The upper- 
most section acts as a funnel to feed 


(Left) Azpp’s apparatus ready for use, 
(Right) Apps apparatus in use. 


AA MOSPHERIG 


PRESSURE TMOSPHERIC 


PRESSURE 


TAP 
CLOSED 


ATMOSPHERIC SS 
er Sufficient acid is poured in to fill the 


bottom section and flood the solid in 
the centre bulb. The gas tap is closed. 
Gas is produced and the _ pressure 


builds up inside the bulb, forcing the 
acid down into the bottom bulb and 
up into the top one. When the liquid 
is forced out of the centre bulb the 
generation of gas stops. The apparatus 
is now set up ready for use. 

When gas is needed, the tap is 
turned on. The gas pressure in the 
centre bulb is released. There is no 
extra pressure to hold the acid in the 
top bulb so it drops down to com- 
pletely fill the bottom bulb and once 
more flood the solid. 

When the gas tap is turned off, as 
the gas can no longer escape, the pres- 
sure again builds up, forcing the 
liquid back into the top bulb or reser- 
voir. The build up of pressure ceases 
when all drops of acid left clinging to 
the solid have been used up. 

In time, the acid grows weaker and 
the solid is used up. The chemicals 
need renewing. The acid is drained 
out by removing the bung from the 
lower bulb, after which the remaining 
solid can be taken out. This should be 
done in a fume cupboard to prevent 
the breathing of poisonous fumes. Be- 
cause of its poisonous qualities and 
unpleasant smell of bad eggs, it is 
advisable to always keep a hydrogen 
sulphide Kipp’s apparatus in the 
fume cupboard. 
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SING a slide rule is a quick and convenient method 

of multiplying or dividing numbers, while getting 
a reasonably accurate result. The slide rule may have 
many different scales for specialized purposes, but for 
multiplying and dividing any numbers, only two of these 
scales are really necessary. These are usually labelled 
C and D. The D-scale is on the main body of the 
rule, while the C-scale is the lower scale on the sliding 
strip. 

On an ordinary ruler scale, the units are equally 
spaced. Because the units are equally spaced, two rulers 
can form a simple slide-rule capable of addition and 
subtraction. But the units on the C- and D-scales of a 
slide rule are not equally spaced. The distance between 
‘9’ and ‘3’, for example, on these scales, is longer than the 
distance between ‘3’ and ‘4’. They are, in fact, logarithmic 
scales. 

The numbers on the scales are unequally spaced so that 
their logarithms are equally spaced. The numbers on the 
scale range from 1 to 10. Their corresponding logarithms 
(which can easily be verified from log. tables) range 
from 0:0 to 1:0. 

The spacings on the corresponding logarithmic scales 
are similar to the spacings on an ordinary ruler, i.e. 


Multiplication 


[e) 
OF CURSOR LINE 


To multiply, for example, 1-5 by PAT we 4N0s0 
4-14. Align the ‘I’ mark of the al | 

C- (sliding) scale against the 1-5 eae Ee ae ina 
mark on the D-scale. Move the 10% 
cursor along to 4:14 on the C- 
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TOTAL IS 24+8= 1 cn 
An ordinary ruler being used to add two numbers. Add 2 by 
moving 2 units along. Add 8: move another 8 along to arrive 
at the sum, i.e. 10. 
_2 UNITS 


~ 8 UNITS 


os ; _ TOTAL IS 2+8=10 UNITS 
This is a lot easier if two rulers are used (using, of course, two 


adjacent inch scales). One ruler represents one number, and 

the other ruler the other number. The rulers form a kind of 

slide rule. 
11—7=4 UNITS 
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ENCE IN LENGTH 
BETWEEN I! AND 7 


7 UNITS 


ND MARKS OF NUMBERS 


1} UNITS ~ (LE. 7 AND 11) 


TS — on 


The two rulers can be used to subtract numbers. The ‘end’ 
marks off two numbers, i.e. 7 and || are lined up, and the answer 
is read off as the point on one scale where the zero mark of 
the other cuts it, i.e. 4. 
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equally spaced, and, like two rulers, two log. scales on 
scales sliding alongside each other can be used for adding 
and subtracting the logarithms. 

Adding the logarithms of any numbers has the same 
result as multiplying the numbers themselves. Subtracting 
one logarithm from another produces the same result as 
division of the numbers. The procedure in multiplying 
and dividing using log. tables is first to look up the 
logarithms of the numbers, add or subtract as required, 


Division 


then look up the anti-logarithm (the number correspond- 
ing to the given logarithm) of the result. 

On a slide rule there is no need to look up logarithms 
or anti-logarithms. This has already been allowed for in 
arranging the numbers on the C- and D-scales in their 
particular way. For instance, ‘3’ on either of these scales 
is marked at 0-4771 (ie. log. 3) of the length of the 
scale. Multiplying by 3 will mean adding the length 
04771. Numbers are multiplied (and logarithms added) 
by sliding one scale alongside the other, using the trans- 
parent cursor to line up markings more exactly. 

Ordinary slide rules are nowhere near as accurate as 4- 
figure log. tables. The accuracy depends simply on how 
accurate the user is in judging a fraction of a scale division. 
The longer the slide rule, the more accurate the results it 
is capable of giving, as all the scale divisions are larger. 

Some of the uses of the other scales on the slide rule 
will be explained in future articles. 


One number is subtracted from another by sliding the rulers to place the numbers side by side, and comparing their lengths. The difference in 
length is the answer. Similarly, the lengths corresponding to the logarithms of two numbers are compared, and the difference between them is the 


result of dividing one by the other. 
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Position of the Decimal Point 


The slide rule gives the right figures 
of the answer, but not the position of the 
decimal point. This can be worked out 
by common-sense. Alternatively, there 
is a simple rule-of-thumb method. 

When multiplying add together the 
numbers of figures in front of the decimal 
point in each number. If the end of the 
sliding scale is out to the left of the rule, 
this sum is the number of figures in front 
of the decimal point in the answer. How- 
ever, if the sliding scale comes out to the 
right, subtract one. 

When dividing, subtract the number of 
figures in the underneath number (the 
divisor) from the number on top. This 
gives the number of figures in the answer 
if the sliding scale remains to the left, but 
if it appears to the right, add one. 


SLIDER 
OUT TO 
LEFT 


e.g. 0-07 x 154-0=about 10-8. No. of figures —1+3=2. 
So there are two figures in front of the decimal point 
in the answer. 


e.g. 16x 0-6=9-6. No. of figures 24-0=2 minus |=1 
(because slider comes out to right). 
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e.g. paca about 0-000051. bg rd figures 


is—3 minus +1= 


oe about 134-5. No. of figures is 
(+3 minus+1) =2 plus |=3 
(because slider comes out to right). 


957 


PHYSIOLOGY 


The Removal of 2% 


BODY WASTE 


a (HE removal of waste substances 

Ts: closely associated with the 
control of water loss from an animal. 
Water is vital to all forms of life, 
for the enzymes which assist the 
chemical changes that build up hving 
material can only work in a watery 
medium. Animals that live on land 
always face the problems of finding 
sufficient water and of retaining it. 
Therefore they cannot afford to lose 
too much water in the material that 
they excrete. On the other hand ani- 
mals that live in fresh water have 
the opposite problem, for the strength 
of their body fluids is greater than 
that of the water in which they live 
and so water enters their tissues by 
osmosis. Many special devices are 
present in these animals for getting 
rid of water that they do not require. 
They can afford to lose large quanti- 
ties of water in their urine. 

The main nitrogen-containing waste 
substance that must be removed from 
an animal’s body is ammonia. This 
is mainly formed when organic food 
materials containing nitrogen, that 
are surplus to the body’s require- 
ments, are used as fuel and broken 
down, releasing energy. Ammonia is 
a very poisonous substance and must 
be removed rapidly or converted into 
some other substance (e.g. urea) that 
is less harmful. 


In many simple animals that live in 


EARTHWORM FLATWORM FLAME 
CELL 


INTERNAL 


FUNNEL 


cretory units. 
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; ee Pe an aa flat- 
NEP worm, crayfish and an insect, and 
yf enlarged views of individual ex- 


water ammonia seeps (diffuses) out of 
the body in solution (ammonia dis- 
solves readily in water). Its removal 
in this way is rapid and efficient. 
Our present knowledge is that most 
protozoa, tor cxample, excrete 
mainly ammonia compounds. Urea, 
(CO(NH,),), and, to a lesser extent, 
urates (salts of uric acid) are also ex- 
creted by some. In many protozoa 
there are one or more water-filled 
spaces or contractile vacuoles. Vhese swell 
in size, pumping out water from the 
surrounding protoplasm, and then 
burst, releasing their contents to the 
exterior. It is possible that waste 
materials may be dissolved in the 
fluid discharged, and that this may 
be a means of removing them. Con- 
tractile vacuoles are more common in 
species living in fresh water than in 
those that live in the sea. This 
suggests that their main task is the 
removal of water, for freshwater 
creatures take in water in large 
quantities owing to the greater con- 
centration of salts and organic sub- 
stances that they contain compared 
with the quantities in the water. 
More complicated animals, such as 
flatworms, have special excretory 
organs. The excretory system of most 
flatworms consists of a pair of canals 
on either side of the body open- 
ing in places to the exterior. The 
canals branch many times before end- 
MALPIGHIAN TUBULES 


CRAYFISH 


SINGLE 
GLAND 
ENLARGED 


EXTERNAL 
OPENING 


Simple invertebrates living in fresh water 
have protoplasm containing more salts than 
the water in which they live so that water 
enters. They must remove surplus water to 
avoid swelling and eventually bursting. 
Amoebaand Paramecium, like most proto- 
zoans, have one or more contractile vacuoles 
which discharge water to the outside world. 


PARAMECIUM 


CONTRACTILE 
VACUOLE 


ing in the excretory organs, tiny struc- 
tures called flame cells. Within’ the 
cavity of each flame cell is a bundle of 
hairs (cilia). These flicker like a flame 
(hence the name ‘flame cell’) and as 
a result water, waste materials and 
other substances pass into the flame- 
cell cavity. Lower down the tube, 
required substances are reabsorbed 
and the ‘urine’ passes to the ex- 
terior. Primarily, however, the flame 
cells are concerned with regulating 
the fluid content of the flatworm. 

In ringed worms or annelids (e.g. 
the Earthworm) the excretory organs 
are called nephridia, of which there 
is one pair per segment. There is 
great variation in their structure 
and they may be associated closely 
with similar reproductive tubes that 
open separately to the exterior or 
into the excretory tubes. They may 
be closed internally or open by way 
of a funnel into the body cavity. 

The nephridia usually act as organs 
of excretion and also regulate the 
content of the body fluids. In the 
Earthworm the intestine is covered 
with yellow cells that extract nitro- 
gen-containing waste matter (guanin) 
from the bloodstream. When they are 
full of waste they break up and float 
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Freshwater fishes have the same problem as 
freshwater invertebrates. They have a 
waterproof covering of scales and in many 
(e.g. eels) the skin produces large quan- 
tities of slime, restricting the entry of water 
into the body largely to the gills and the 
mouth lining. 


_STICKLEBACK 


the 


in the coelomic fluid, finest 
particles being carried to the ex- 
terior through the nephridia. The 
nephridia have a good blood supply 
and the middle part of the tube 
extracts urea and ammonia from 
the blood, passing them out in the 
urine. The strength of the urine 
is below that of the blood so that 
unwanted water is also removed. 
The funnel of each nephridium is not 
open all the time. “Each has a ring 
muscle or sphincter that opens at 
intervals to allow fluid to escape. 
Waste also passes from the body fluid 
into the gut carried in special amoeba- 
like cells. 

In crustaceans (crabs, lobsters, etc.) 
the main organs of excretion are two 
pairs of glands near the feelers (anten- 
nae) and mouthparts. These are rarely 
present together, often one pair serve 
as the ‘kidneys’ in the larva and the 
other in the adult. For example, 
in crabs and lobsters the antennal 
glands are the kidneys of the adult, 
but in most adult crustaceans the 
pair associated with the mouthparts 
is present. 

The excretory structures each have 
an enlarged sac (end sac) and a duct 
leading to the exterior. Often its 


Salt-water fish face the reverse problem to 
freshwater fish since the blood contains 
less salt than the sea. They swallow large 
quantities of sea water to obtain water, but 
then have to remove salt through their gills. 


SALT OUT OF GILLS 


structure is more complicated than 
this, however, especially in crabs, 
lobsters, crayfish and the like. Water, 
salts and waste substances (e.g. am- 
monia salts) pass into the end sac 
and the upper parts of the tube. 
Valuable salts are reabsorbed in the 
middle part of the tube to produce 
a very weak urine containing much 
water. The organ thus serves for 
excretion and the removal of un- 
wanted water that enters through the 
gills. The latter function of the excre- 
tory glands is most important in 
freshwater animals and, since the 
urine is so dilute, highly poisonous 
substances such as ammonia have no 
harmful effects while they are within 
the excretory system. 

The formation of a hard outer shell 
in crustaceans and insects is another 
means of excretion. The shell con- 
tains a large proportion of chitin, 
a compound with a similar structure 
to cellulose, but into which ammonia 
is incorporated. When the shell is 
cast off during a moult the ammonia 
is removed. 

Most insects also have a well-de- 
veloped system of excretory tubes— 
Malpighian tubules—which lead into 
the junction between the mid gut and 


Terrestrial animals face a similar problem 
to salt-water fish, that of obtaining suffi- 
cient water and restricting its loss through 
the kidneys, and through the skin by eva- 
poration. Frogs have a moist skin and tend 
to remain in the shade. The excretory sys- 
tem in birds is highly specialised for the 
saving of water. The hard waxy cuticle of 
insects acts as a waterproof outer covering 
and their excretory tubes absorb water. 


hind gut. Uric acid crystals have 
been found within the Malpighian 
tubules, showing that they are res- 
ponsible for removing waste materials 
from the blood. The tubules also re- 
absorb water. This may take place in 
special cells scattered along their 
length or the cells may form the lower 
half of each tube. There is also evi- 
dence that the urine changes from an 
alkaline to an acid solution as it passes 
down the tubules so that they play a 
part in regulating the pH (alkalinity 


The position of the excretory system of 
a fish and a diagram showing ts 
arrangement. 
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and acidity) of the blood, as do the 
tubules of the human kidney. 

Other means of excretion in insects 
include the deposition of uric acid 
crystals in such structures as wing 
scales (e.g. white butterflies). 

The majority of insects live on land 
and being small have a large surface/ 
volume ratio. The need to conserve 
water that they can obtain by drink- 
ing or in their food is critical, there- 
fore. Besides the action of the Mal- 
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pighian tubules other devices reduce 
water loss or absorb water. In some 
insects, for example, water is absorbed 
from the food through the wall of the 
gut. The waterproof cuticle too has 
been of tremendous importance as a 
factor contributing to the success of 
the insects as a group by restricting 
water loss through evaporation. 

In vertebrate animals paired kid- 
neys are the major organs of excre- 
tion. Each kidney consists of a number 
of tubules made up of a capsule and a 
tube. The capsule has within it a knot 
of capillaries (glomerulus) from which 
water, waste and salts are driven, by 
the force of the heartbeat, through the 
capsule wall into the tubule. Various 
parts of the tube reabsorb water and 
other essential materials. 

This is the basic pattern and action 
of the vertebrate kidney, but the prob- 
lems facing different animals vary 
according to the conditions in which 
they live. This accounts for the great 
variation in the development of the 
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tubules in different animals. 
Freshwater fishes face a similar 
problem to freshwater invertebrates. 
Their body fluids are more concen- 
trated than the water in which they 
live. Thus they tend to imbibe water 
and lose salt. Various special modi- 
fications restrict these tendencies. Bony 
fishes have a covering of waterproof 
scales, and in many (e.g. eels) the skin 
produces large quantities of slime. 
The entry of water into the body is 


Diagrams to show the positions 
of the excretory systems of a 
Srog, lizard, bird and mammal 
and their arrangement. 
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largely restricted therefore to the gills 
and lining of the mouth. The kidneys 
have numerous glomeruli for filtering 
off large quantities of water. 

In bony fishes living in the sea the 
problem is the reverse since the blood 
contains less salt than the sea water. 
The fish must therefore retain water 
and remove salt. They have kidneys in 
which there are few glomeruli, thus 
reducing the amount of water lost in 
the filtering process. But besides this 
they also swallow large quantities of 
sea water, getting rid of the salt that 
they take in through special salt- 
releasing cells in the gills. Nitrogen- 
containing waste may also be excreted 
by the gills. 

It is not known how such fishes as 
the Trout and Salmon cope with life 
in both the sea and fresh water for 
many move from the sea into rivers 
to spawn. European eels go in the 
opposite direction to breed, leaving 
their rivers and streams to go on their 
long migration across the Atlantic 


es 


BLADDER 


Ocean to the Sargasso Sea. 

Frogs have a moist skin and, when 
they return to water to breed, large 
quantities of water must pass in 
through it. Their kidneys have many 
glomeruli (the tubules are short) and 
measurements on the Common Frog 
show that they may produce about one 
third of an ounce of urine per day—a 
third of their weight. Adult frogs ex- 
crete urea and so lose less water than 
their eggs and tadpoles which excrete 
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ammonia, a more harmful substance 
which can remain within the body in 
only extreme dilutions. Frogs and 
toads have a bladder from which 
some water is reabsorbed. 

Reptiles (e.g. lizards) excrete uric 
acid, though in most turtles urea is ex- 
creted. The capsules of the kidney 
tubes are small so that the amount of 
water filtered off is relatively small. 
A ‘bladder’ is also present (in turtles 
and most lizards) and, during the time 
that the urine is retained, much of the 
water is reabsorbed through its walls. 

Both birds and mammals have a re- 
absorbing loop in the middle of the 
length of the kidney tubules so that a 
concentrated urine is produced. In 
birds uric acid, an almost insoluble 
substance, is the nitrogen-containing 
waste material excreted. Water loss is 
thus reduced to a minimum. The 
cloaca into which the gut and ureters 
empty is divided into chambers where 
much of the water in the faeces and 
the urine is absorbed. 


